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EDITOR'S PREFACE 


This text reflects the authors’ unique approach to the study of the basic 
types of partial differential equations of mathematical physics. The system- 
atic presentation of the material offers the reader a natural entrée to the 
subject. Each of the basic types of equations which are to be studied is 
motivated by its physical origins. The derivation of an equation from the 
physics to its final mathematical structure is very instructive to the student. 

The authors have gone to great length to make clear the meaning of a 
solution to an initial value or boundary-value problem. Various methods of 
solving such problems are treated in great detail, as are the questions of 
existence and uniqueness of solutions. Thus, the student gains an apprecia- 
tion of the theoretical foundations of the subject and simultaneously acquires 
the manipulative skills for solving such problems. 

The exercises which accompany each chapter have been selected to test 
the student’s ability both to formulate the correct mathematical statement 
of the problem and to apply the appropriate method for its solution. The 
applications treated by the authors are non-trivial and are completely worked 
out in detail. 

The present volume covers the two dimensional class of partial differential 
equations of mathematical physics and is well suited as a basic text for both 
the undergraduate and graduate level at the university. The second volume 
will cover the three dimensional counterparts of the present volume and 
contain an additional chapter on the special functions which arise in mathe- 
matical physics. 

In view of the dearth of texts having the scope and depth of the present 
one, Holden-Day felt the need for a careful and articulate translation of 
Tychonov and Samarski’s valuable contribution to the literature in the field. 
The translator and editor exercised great care in making the English edition 
read smoothly and correctly. Several misprints and other flaws have been 
corrected, and we are pleased to make this excellent text available to the 
English-reading scientific community. 


Julius J. Brandstatter 
Stanford Research Institute 


FROM THE PREFACE TO THE RUSSIAN EDITION 


The class of problems of mathematical physics are closely bound to dif- 
ferent physical processes. To these belong the phenomena which are treated 
in hydrodynamics, in the theory of elasticity, in electrodynamics, etc. The 
mathematical problems which are associated with these phenomena contain 
many common features and form the subject matter of mathematical physics. 

For this purpose, a knowledge of the characteristic methods of investiga- 
tion is in its nature mathematical; however, the representation of the prob- 
lems of mathematical physics proceeds in certain directions. Thus, for 
example, the initial and final states of a qualitative process are of different 
character and therefore require different mathematical methods for their 
description. 

We have attempted to choose the subject matter following conventional 
physical viewpoints; these also correspond to the arrangement of the basic 
types of differential equations. 

Each chapter begins with the simplest physical problems which lead to 
equations of the type considered therein, and each chapter contains exercises 
of which several are also of physical interest. 

Since the simplest problems treated in the text do not accurately rep- 
resent the multiplicity of the problems and their role in mathematical 
physics, each chapter concludes with physical applications in which the 
methods first presented in the main body of the chapter are used for the 
solution. We have also included examples which go beyond the scope of the 
problems treated in the text. 

The text contains only a part of the material which comprises the 
methods of mathematical physics; thus we have not treated integral equa- 
tions in detail nor have we discussed variational methods. Approximate 
methods of solution are only briefly mentioned. 

The present text is an outgrowth of lectures given by A. Tychonov 
before the Physics Faculty of the Moscow Lomonossov University. We wish 
to thank our students and our colleagues, V.B. Glasko, V.A. Iljin, A.V. 
Lukianov,O.I. Panuch,B.L. Roshdestvenski, A.B. Vassiliewa, A.G. Svechnikov, 
and D.N. Chetaev, without whose help we could not have compiled this book 
in a reasonable time, and to J.L. Rabinovich who read the manuscript and 
gave us valuable suggestions. We wish to thank both V.I. Smirnov for 
many valuable comments and A.G. Svechnikov for his aid in the prepara- 
tion of the second edition. 


A. Tychonov 
A. Samarski 


PREFACE TO THE GERMAN EDITION 


Just as geometric representation is necessary for the study of differential 
and integral calculus, so physical representation is required in the study of 
partial differential equations. In this book, we have placed most emphasis 
on the formulation of the basic problems of mathematical physics and on the 
physical interpretation of the solutions of boundary value problems of partial 
differential equations. We hope that our book will prove useful as an intro- 
duction to mathematical physics. 

We wish to take this opportunity to give thanks to Dipl. Math. Gerhard 
Tesch for his careful translation, to Dr. Herbert Goering and Dr. Wolfgang 
Schmidt for the scientific editing and to VEB Deutscher Verlag der Wissen- 
schaften for the publication of this book. 


Moscow, January 1959 A. Tychonov 
A. Samarski 
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CLASSIFICATION OF PARTIAL DIFFERENTIAL EQUATIONS 
OF THE SECOND ORDER 


Many problems of mathematical physics lead to partial differential equa- 
tions. Differential equations of the second order occur most frequently; in this 
chapter we shall consider their classification. 


1-1. DIFFERENTIAL EQUATIONS OF THE SECOND ORDER WITH 
TWO INDEPENDENT VARIABLES 


A relation between an unknown function w(x, y) and its partial derivatives’ 
up to and including the second order derivatives is designated as a partial 
differential equation of the second order in the two independent variables x 
and y: 


Q(X, JY, Ul, Ue, Uy, Marx, Ulery, Uyy) =O. 


The equation has an analogous form for more than two independent variables. 
A partial differential equation of the second order is called linear with 
respect to the highest derivative, if it has the form 


QyUrx + 2Qyottsy + Aoollyy + F(x, y, u, Ur, Uy) =O, 1-1.) 


where the coefficients @,, @i2, and a. are functions of x and y. 
If the coefficients are not only functions of x and y, but also F is a function 
of x, ¥, #, wu, and w,, then it is called a quasilinear differential equation. 
The equation is called linear if it is linear in the higher derivatives 
llxx, Ulxy, Myy, also in the function w(x, y), and in the first derivatives u#,, wy: 


Qy Ure + 2WAyottry + Aggttyy + Ott, + Dotty +eou+f=0, (1-1.2) 


where @11, @i2, G2, 6:, b2, c, and f are functions which depend only on x and 
y. If the coefficients are independent of x and y, then Eq. (1-1.2) is a linear 
differential equation with constant coefficients. Equation (1-1.2) is called 
homogeneous if f(x, vy) = 0. 

With the aid of a unique inverse transformation 


1 For the derivatives we use the symbols 








2. 
ou ou ou Pu au 
Ur =o, Uy =, Ur = a sy. at 
x’ 7 ay Pe agay? > sae 
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E=o(x,y), v= (x,y) 
we obtain, under certain assumptions on 9 and ¥, a new differential equation 
which is equivalent to the original equation. There now arises the question 
of how the variables & and 7 are to be selected so that the transformed dif- 
ferential equation assumes as simple a form as possible. This question will 
be answered now for a linear equation of the form (1-1.1) with two independent 
variables x and y. 
If we transform the derivatives to the new variables, we obtain 
ly = 146€ + Un}x 
Uy = Uy + Unny 
Ure = eels + QuenExs + loans + tteer + UnIex (1-1.3) 
try = WEEE Ey + then(Exmy + Eyns) + UnnsDy + Uebsy + Undzy 
Uyy = Useey + Quen€yny + Unnny + Uebyy + Untyy - 
If these expressions are inserted into (1-1.1) an equation results of the form 
Ay Ute + 20 12Utn + Go2ttnn + F = 0 Fi (1-1.4) 


where 


ay = ane; + 2a12€.Ey + Anéy 
Ay. = AEs + Qyl(ExNy + nx&,) + QE yy 
a2. = Behe. + 2412 Ny + Arn, 


and F is independent of the partial derivatives of the second order of w(€, 7) 
with respect to & and y. If the initial equation is linear, that is, 


F (4,9, U, Uz, Uy) = Diu, + boty + cu + f(x, ¥), 
then F has the form 


F(E, 9, u, Ue, Uy») = Byue + Bottn + pu + OC, 0); 


that is, the transformed differential equation is likewise linear.’ 

We now want to choose the transformation such that the coefficient @n 
vanishes. To this end, we examine a partial differential equation of the first 
order of the form 


Qy,22 + 2ayr2.2y + Gnz, = 0. (1-1.5) 


Let z = g(x, y) be an arbitrary particular solution of this equation. If we set 
€ = g(x, y), then the coefficient @,, is obviously equal to zero. In this manner 
the above-mentioned problem of the selection of the new independent variables 
€ and » is linked with the solution of Eq. (1-1.5). 

First we shall prove the following lemmas. 
Lemma 1. If z= (x,y) is a particular solution of the equation 


2 If the transformation of the variables is linear, then F' = F, since the second deri- 
vatives of € and 7 vanish in formula (1-1.3), and in the expression for F' none of the 
transformations of the second derivatives appears in the preceding sums. 
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Giz. 2an2.2 ane =O. 
then g(x, y) = C is a general integral of the ordinary differential equation 
a,,dy? — 2ay.dxdy + d,dx =0. (1-1.6) 


Lemma 2. Conversely, if g(x,y) =C is a general integral of the ordinary 
differential equation 


aay’ — 2a,,dxdy + adndx =0, (1-1.6) 


then z = (x, y) satisfies Eq. (1-1.5). 
Proof of the first lemma. Since the function z = g(x, y) satisfies Eq. (1-1.5), 
the equation 


2 
ay (*) = 2an(—=) + a2. = 0 (1-1.7) 
Yy Py 


is valid for all x, y of the region in which z = ¢(x, y) is defined and 9,(x, y) #0. 
The relation g(x, y)=C is a general integral of Eq. (1-1.6) if the function y 
defined implicitly by g(x, y)=C satisfies Eq. (1-1.6). If, namely, y = f(x, C) 
is this function, then it satisfies 


ad _ elt.) “l 
dx ee Y) Ay=P 02.0) oe) 


and hence 


2 
an( 2 y — 24,.—— was + da = [ au(—*) = 2ar(—£*) + ass| =0, 
dx dx Qy Yy y=S (2.0) 


so that y = f(x, C) satisfies Eq. (1-1.6). The expression in the brackets vanishes, 
not only for y =f(x,C), but for all values of x, y. 

Proof of the second lemma. Let 9(x, y) = C be a general integral of Eq. (1-1.6). 
We can show that for each point (x, y) 


AuG + 2aP.iPy + Any, = 0 (1-1.7) 


is valid. Let (xo, ¥o) be any given point. If it can be shown that Eq. (1-1.7) 
is satisfied at this point, it follows that Eq. (1-1.7) is valid at all points, since 
(%.,¥o) is arbitrarily chosen. The function g(x, y) then represents a solution 
of Eq. (1-1.7).. We now construct through (%,¥.) an integral curve of Eq. 
(1-1.6) in which we set ¢(%,¥) = C, and consider the curve y =/(x, Cd). 
Obviously, yo = f(%., Co). For all points of this curve the following equation 
is valid, 


d d \ : 
au( 2 ) — Cy pee + Q22 = [e.(-*) = 2ars( -£) + ass | =0. 
dx dx Py Dy y=f lz, 09) 


If we set x = x, in this equation, we obtain 
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A1G(Xo »¥o) + 201 29x(Xo, Vo)Py(Xo » Yo) + Ar2P¥(Xo »%) =90, 


which was to be proved.® 

Equation (1-1.6) is called the characteristic equation of the differential Eq. 
(1-1.1); its integrals are called characteristics. 

If we set & = y(x,y), where g(x,y) =const. is a general integral of Eq. 
(1-1.6), then we find that the coefficient of wee vanishes. Likewise the coefficient 
of tm equals zero if ¢(x, y) = const. is an additional general integral of (1-1.6) 
independent of g(x,y) [see footnote 5] and if we set 7 = ¢(x, y). 

Equation (1-1.6) yields two equations 


dy — Gat Vai — Q1822 


1-1. 
dx ay ( 9) 


dy Qi2 — V ais — @11d22 
= = 1-1.10 
dx ea : ( ) 


The sign of the expression under the root determines the type of the dif- 
ferential equation 


QyjUz, + 2Ayttry + Arltyy + F=0. (1-1.1) 
At the point M we shall say that it is‘ ts 


of the hyperbolic type if at this point a@jz2—ai,a22 >0, 
of the elliptic type, if at this point a@j2— aan <0, 
of the parabolic type, if at this point a@i2— aid =0. 


We can easily show the validity of the expression 


_2 acs oo 2 2 
@y2 — G11 G22 = (Biz — Ai Qe2) (Exny — Ey)" , 


from which the invariance of the type of equation follows under a trans- 
formation of the variables. At different points of the region of definition, 
the equation can be of changing type. 

For the following considerations we take as basic a region G, at each 
point of which Eq. (1-1.1) is of one and the same type. Through each point 
of the region G two characteristics arise which are real and distinct for a 
differential equation of the hyperbolic type, complex and distinct for a dif- 
ferential equation of the elliptic type, and real and equal for a differential 
equation of the parabolic type. We shall investigate each of these cases 
separately. 

1. For an equation of the hyperbolic type aie — @,,@22. > 0, the right sides 
of the differential Eqs. (9) and (10) are real and distinct. The general 


3 This relationship between Eqs. (1-1.5) and (1-1.6) is the equivalent of the well-known 
relation between a linear partial differential equation of the first order and a system of 
ordinary differential equations. This can be shown if the left side of Eq. (1-1.5) is 
represented as the product of two linear differential expressions. 

[See V. I. Smirnov: Course in Higher Mathematics, Part II, 2d ed., Berlin, 1958, p. 62, 
and V. V. Stepanov: Textbook of Differential Equations, Berlin, 1956, p. 328 (Translated 
from Russian). 

‘ This terminology is taken from the theory of curves of the second order. 
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integrals g(x,y) =C and ¢(x, y) =C of these equations determine a real set 
of characteristics. We shall set 


= (x,y) y= (x,y) (1-1.11) 
and reduce Eq. (1-1.4) after division by the coefficient of ue, to the form 
F 


2412 





ten = DE, 7, Ut, the, Un) with @=— G1. #0. 


This is the so-called canonical form for an equation of the hyperbolic type.° 
Frequently, a second canonical form is used. If we set 


E=at+8 n=a-—fB 





i.e., 
Oe ie ait; A hee 
eae” ame 
where a and § are the new variables, then 
u as dle + ug) Un = — (Ua — Us) u eae — uaa) 
i "9 a B ar) a B a tae BB} + 


whereby Eq. (1-1.4) finally assumes the form 
Uwe — Usa = P, ®, = 40 


2. For an equation of the parabolic type, @iz— d::@22 = 0. Consequently 
Eqs. (1-1.9) and (1-1.10) coincide, and we obtain only a single general integral 
of Eq. (1-1.6): g(x, y)= const. In this case, we set 


E = 9(x, y) and y= 7(x,y), 


where 7(x, y) is an arbitrary function independent of g. By this choice of 
the variables we find 


ay, = aie + 2012 €s Ey + G22 &; =(Vani&+ V a226,) =O; 


5 The introduction of the new variables € and y through the functions ¢ and ¢ is only 
possible when these functions are independent of each other. Thus it is sufficient that 
the corresponding functional determinant obtained from these functions be distinct from 
zero. This is the case here, since if 


Gz x 
Vy Py 
at any point M were zero, then for this point the columns of the determinant would be 
proportional to each other; hence 








Px x 
I , 
Py Py 
but since 
2 : 2 
y Giz + Vabe — G11422 o diz — iat — G11022 
Boo pon bee eee and 22 = —-“o- ais — ana >0, 
@y ain by ai1 


this is impossible (without loss of generality we assume ai, # 0). Thus, the independence 
of functions ¢ and « is demonstrated. 
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since G1, = (@;,)'/"(a2,)'; from this it follows that 


ai. = AEN: + Q12(E, Ny + Ey Nx) + 22 Ey Ny 
(Van &: +YV Q22 Ey) (Vv ai9.+ V G22 7);) =0. 


After dividing Eq. (1-1.4) by the coefficient of «,,, the canonical form 


Unn = DE, n, Ut, Ne, Un) with O=— ae aos # O 
Q22 
results for an equation of the parabolic type. If, in particular, w¢ does not 
appear in this equation, then it is an ordinary differential equation with & as 
a parameter. 

3. For an equation of the elliptic type, @iz — @1,:@22. < 0, and the right 
sides of Eqs. (1-1.9) and (1-1.10) are complex conjugates of each other. Thus, 
if 

g(x,y) =C 
is a complex integral of the differential Eq. (1-1.9), then 
g(x, yy =C, 


where y* is a complex function conjugate to y, a general integral of Eq. 
(1-1.10), and a complex conjugate to (1-1.9). We introduce now complex 
variables by setting 


E = g(x, y) = y" (x,y). 
In this way an equation of the elliptic type, as in the case of the hyperbolic 
type, is converted to another form. 


In order to avoid calculations with complex variables we introduce new 
real variables a and 8, through 


such that 


Thus we obtain 


aug, + 2412 € x &y ae fst, 
= (ay a, + 201201 My + Qo Oty) = (au 8; + 2012 B: By + A» Bs) 
F 21(A11 as By + aya, By a ay B,) + Q My By) = 0 ; 


from which it follows that 
Qi = Ax. and Q.2=0. 
After dividing by the coefficient of #22, Eq. (1-1.4) takes the form® 


6 Such a transformation is valid only if the coefficients of Eq. (1-1.1) are analytic 
functions. Namely, if az: — aiuaze <0, then Eqs. (1-1.9) and (1-1.10) are complex; con- 
sequently, the function y takes on complex values. We can only speak of the solutions 
of such equations when the coefficients of ais(x, y) are defined for complex values of y. 
For the conversion of the differential equation of the elliptic type to canonical form we 
shall limit ourselves to equations with analytic coefficients. 
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Uae + Usa = O(a, B, U, Ua, Ug) with oO=— dx #0. 


Depending on the sign of the discriminant ai, —a@.,@.., the following 
canonical forms of Eq. (1-1.1) result: 


hyperbolic type: Ux — Uy = @ or Ury = D 
elliptic type: Uz: + Uy = @ 
parabolic type: Uz =O 


1-2. DIFFERENTIAL EQUATIONS OF THE SECOND ORDER WITH 
SEVERAL INDEPENDENT VARIABLES 


We shall consider now the linear differential equation with real coefficients. 


>) 5 Ajj Urey + 5 bz, +cu+ f=0 ij = Qi, (1-2.1) 
= t=1 


li=1 


- 


where a,b,c, and f are functions of x1,%2.,°++,%,. We introduce a new 
variable & by 


Ey, = Ex(X,, Xo, +++, Xn) R=l1,++-,n. 


Then 


nn 
Ux; = 2, Ue, Qik 


n n n 
Ui;25 = > D> Ue, 6, Mik aj + 2, Me (Ex) gx; ’ 


where for brevity ai, = 0&,/0x; is introduced. 
If now we substitute the expressions for the partial derivatives into the 
initial equation, we obtain 


L 2d Arte, + Z by Ue, +c+f=0 
k=11=1 k=1 
with 


nm “7% 


an = z > Qij Qik Aji 
t=1 j=l 


by = Zz 5; ain + 2 2 Qis(Su)ejx; . 
i= t-l j= 
We now consider the quadratic form 
SS atvy, (1-2.2) 


whose coefficients coincide with the coefficient of a:;; of the initial equation 
at a point M,(x{,---,x,). Under a linear transformation 


y= > Qik Nk 
k=1 
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we obtain a new expression for the quadratic form 


where 


nm n 
Gi = Y Y aijanay 
j=1 f=) 
The coefficients of the principal parts of the equation transform like the 
coefficients of a quadratic form under a linear transformation. As is well 
known, with the help of a suitable linear transformation the coefficient matrix 
(at;) of a quadratic form can be transformed into a diagonal matrix in which 


[a’;| =1 or 0 and a; =0 it j;i=1,2,---,n. 


This is called the transformation of the quadratic form to the normal form. 
According to a theorem of Sylvester, the so-called inertia rule for quadratic 


forms, the number of coefficients of ie: distinct from zero is equal to the 
rank of the coefficient matrix, and the number of negative coefficients is 
invariant. oe 

We call Eq. (1-2.1) at the point M, of the elliptic type if all m coefficients 
of ai; are different from zero and have equal signs; of the hyperbolic (or of 
normal-hyperbolic) type, if, likewise, all a{; #0, 2 —1 coefficients of a; have 
the same sign, and one coefficient is different from the other in the signs; 
of the ultrahyperbolic type if m coefficients of @;; are equal and 2 — mm have 
opposite signs (m > 1, 2—m > 1); and of the parabolic type if at least one 
of the coefficients @; vanishes. 

We choose the new independent variables &; so that at the point ©, 





ee 
Qik = Ty hk, 
ot; 


where at, is the coefficient of the transformation which converts the quadratic 
form (1-2.2) to the canonical form, in which we can set & = Yai?’ x;. Then 
Eq. (1-2.1) at the point M, can be transformed to one of the following 
canonical forms: 


elliptic type: Uses, + Uays, + oe Ft, +O =0 
hyperbolic type: six, = S teen +@ 
ultrahyperbolic type: pare = Stan +@ 

parabolic type: Gs Ux;x;) + 9 =0 m>O 


The further classification of equations of the parabolic type into equations 
of the elliptical-parabolic type, hyperbolic-parabolic type, etc., will not be 
discussed here. 
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If Eq. (1-2.1) at a given point M belongs to a definite type, it can be 
transformed to the corresponding canonical form. 

We now investigate further whether an equation in a definite neighbor- 
hood of a point M can be transformed into the corresponding canonical form, 
if at all points of this neighborhood it belongs to one and the same type. 
If Eq. (1-2.1) can be transformed to the simplest form in a region in which 
the elements of the coefficient matrix off the principal diagonal vanish, then 
the functions 


Ei(X1, X20, °%*y Xn) FS 1 2y 055% 


must satisfy the relation @:=0 for k#1. The number of these relations 
is equal to n(#z— 1)/2, and hence for 2 >3 it is larger than the number x 
of the functions €; to be determined. For z =3 the nondiagonal elements of 
the coefficient matrix (@,) usually can be made to vanish; then, however, 
the elements of the principal diagonal can be distinct from each other. 

Consequently, for » 23 it is impossible in a neighborhood of the point 
™M to transform the differential Eq. (1-2.1) to canonical form. For 2 = 2, 
it can happen that the single nondiagonal coefficient of the second-order 
matrix vanishes, and the two coefficients on the principal diagonal are equal 
to each other as outlined earlier in this section. 

If the coefficients of Eq. (1-2.1) are constant, then after a transformation 
of (1-2.1) to canonical form at a point M we obtain an equation which has 
the same canonical form in the entire region of definition. 


1-3. THE CANONICAL FORMS OF LINEAR EQUATIONS WITH CON- 
STANT COEFFICIENTS 


In the case of two independent variables, a linear equation of the second 
order with constant coefficients has the form 


yy Ue + 20,2 lbry + Arg ttyy + BD, tt. + boty + cut f(x,y) =O. (1-3.1) 


A characteristic equation with constant coefficients corresponds to it. 
Consequently, the characteristics in this case are the straight lines 


>=-—--- =——_—— 
Va — 4a a +Va — 4a 
y — &2 + 12 11 ye Cc, y= 12 12 11 ee eee GC ; 


Qi ay 


After a corresponding transformation of the variables, (1-3.1) assumes one of 
the following simple forms: 


elliptic type: lee + Un + byte + Dottr tou + f=O0 (1-3.2) 

: : len — Dy tte + bette, + cu“ + f=O0 or 1-3.3 
hye tboHesty Re: ae — Ung + db, + bot + cu +f =0 ee 
parabolic type: tee + Oe + bout, + eu + f=0 (1-3.4) 


For further simplification we introduce 


AEt py 


“u=e Us 
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which yields a new function of v where 4 and y are still undetermined 
constants. Then 


up =e *(y, + Jv) 


eH, + pv) 


Un => 

Use = @ "(Dee + Zave + Jv) 

Uen = 2g + 2v_ + eve + Luv) 
Unn = eis + 2yv, + pv) 


If we substitute these expressions for the derivatives in Eq. (1-3.2), after 
division by e**"" we obtain 


Veet Unn + (dy + 22) ve + (bo + 2p) og t+ (Vt w+ bAt be t+ovt+f,=0. 
If in this equation the parameters 2 and y are so chosen that there are two 


coefficients, say in which both of the first derivatives are made to vanish, 
that is, 2= —(b,/2) and » = —(8,/2), then we obtain 


Ve tim tyut+f,=0, 
where 7 is a constant defined by c, 6,, and &, and f,;=f-e “*”. In the 
Same manner we can derive the equations corresponding to (1-3.3) and (1-3.4). 


Thus, we are led to the following canonical forms for differential equations 
with constant coefficients: 


elliptic type: Veet mn trvtsfs=9 
{ vn trvt+ fi =O 

Vee— Un trv t+ fi =O 
parabolic type: Ve + bon tf, =9 


hyperbolic type: or 


We have already noted (1-2) that a differential equation with constant co- 
efficients in the case of several independent variables, 


ps ps Qij uss; + 2 5: Ux; +cut+ f= 0 : 
i=1 j= = 


under a suitable linear transformation of the variables, can be transformed 
to a canonical form which is the same for all points in the region of defini- 
tion. If now we set 


Th 
EMiti 
u=e ov, 


a new function of v is introduced, and if 4; is selected appropriately, the 
transformed equation can be further simplified so that in the case »=2, a 
corresponding canonical form obtains. 
Problems 
1. Determine the region in which 

Uxr + Vuyy = 0 


is hyperbolic, elliptic, or parabolic, and transform the differential equation, 


1-3. LINEAR EQUATIONS WITH MANY INDEPENDENT VARIABLES 1] 


in the region in which it is hyperbolic, to canonical form. 
2. Transform the following differential equations to canonical form: 
Urr + XVUy =O. 
Vs, — XUyy + Ur + yy =O. 
C) ety, + 26" Uy + eu = 0. 
) tr + (1+ yyy, =0. 
€) Xtter + ZV XY ty + Ytlyy — Ur = 0. 
f) (x-— jy) + (xy —-y’—x4+ yu, =0. 
2) usr — 6 Uy tu, =0. 
h) sin’ yy, — ey + 3u, —5u =0. 
i) Mex + 2ttzy + 4u,, + 2u, + 3u,=0. 
3. Transform the following differential equation to canonical form and sim- 
plify it as much as possible: 


Uy, + 2AUyy + Atty + bu, + cu, +u=O0. 


4. Simplify the following equations with constant coefficients by introducing 
the function v = ue“*”” and by a suitable selection of the parameters 4 and 
BE: 

a) tix + yy t+ att, + Buy tru =O. 


b) tert + au +t Bu, . 
Cc) les — yyy = ay + Buy tru. 


d) uty = au, + Buy. 


HYPERBOLIC DIFFERENTIAL EQUATIONS 


Partial differential equations of the second order of the hyperbolic type 
occur principally in physical problems connected with vibration processes. 
The simplest hyperbolic differential equation 


Ux, — yy = 0 


is usually called the differential equation of the vibrating string. In this 
and the following chapters we shall restrict ourselves to the treatment of 
linear differential equations. 


2-1. SIMPLE PROBLEMS WHICH LEAD TO HYPERBOLIC DIFFERENTIAL 
EQUATIONS AND BOUNDARY-VALUE PROBLEMS 


1. The differential equation of small transverse vibrations of a 
string 


Each point of a string of length / can be characterized by the value of 
its abscissa x. The vibration of a string can be described by the position 
of the points of the string at different times. In order to characterize 
the position of the string at time ¢, it is sufficient to know the components 
uy(x, t), W(x, t), w(x, t) of the displacement vector u at time ¢ at the point 
x. 

We shall consider now the simplest problem related to the vibrating 
string; we shall assume the displacement of the string takes place in a plane, 
for example, the x, plane, and the displacement vector u always lies per- 
pendicular to the x axis. Then the vibration process can be described by a 
single function z(x,¢) which characterizes the vertical displacement of the 
string. We consider the string to be a flexible-elastic filament. The flexi- 
bility is expressed mathematically by the assumption that the tension in the 
string is always in the direction of the tangent to the existing profile of the 
string (Figure 1). This requirement states that the string offers no resistance 
to bending. 

The magnitude of the tension, which arises in the string because of the 
elasticity, can be calculated using Hooke’s law. We shall consider only small 
vibrations and can therefore neglect the square of u,, since this quantity 
is small compared with unity. In accordance with these requirements, we 
can calculate the elongation which a segment (x,, x2) of the string undergoes. 
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FIG. 1. 


The length of arc belonging to this segment is equal to 

x2 

s'=| Vita) dx xm—-—x=S. 

xy 
Thus no elongation of a single segment of the string occurs within the scope 
of our required limits of accuracy, whereas according to Hooke’s law it 
follows that at each point, the tension 7 is independent of x, i.e., 

T = T, = const. 


For the projection of the tension on the x and # axes, indicated by 7, and 
T., we find 


T 
Vitus 7 
T.(x) = T(x) Sina = T(x) tga = T( du, 


T(x) = T(x) cosa = 


where @ is the angle between the tangent to the curve z(x, t) and the x axis. 

A tensile force, an external force, and an inertial force act on the seg- 
ment (x,, x2). The sum of the projections of all these factors on the x axis 
must be equal to zero (Since we consider only transverse vibrations). Since 
the inertial force and the external force act along the w# axis according to 
hypothesis, there results 


Tx(x2) — T.(x,) = 0 or T(x) = T(x). (2-1.1) 


But since x, and x, were selected arbitrarily, it follows that the tension is 
not dependent on x; i.e., for all x and ? values, 


T = To . (2-1.2) 


To derive the equation of a transverse vibrating string, we use Newton’s 
second law. The total momentum of an element (x,, x.) in the direction of 
the w axis is, first of all, equal to 


x9 
| mld, Deteas 
*1 

where pe denotes the linear density of the string. We now set the change 
of momentum during the time dt =1?, —1,, 
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r2 
pledleed(é, ta) — ulE, t,)]d8 , 
*1 

equal to the impulse of the acting force which arises from the tension Ti; 
at the points x, and x, as well as from the external force. The latter we 
assume as continuously distributed with the density p (the load) and denote it 
(per unit of length) by f(x,t). Thus we obtain the equation of a transverse 
vibrating string in integral form 


12 
| [uclE, fs) — wd, toa 
At 

to roe te (2-1.3) 
-| Toltts(x2,7) — x(x, t)Jdz +| | S(E, t)d&dz . 

fy xd ey 

In order to go from this integral equation to a differential equation, we assume 
the existence and continuity of the second derivative of u(x, ¢).' Equation 
(2-1.3) is then transformed, after a twice-repeated application of the mean- 
value theorem, to 


UilE™, E*)p(E*)dtdx = {Tofu (E**, t**)] + f(er**, 0") dt dx, 
where .- 


é*, ete aig € (x, ’ Xz) ’ ry ae fer € (t, ’ te) : 


If we now divide by AxAt and carry out the limit as x,-> 4%, 4, -7,, then 
we obtain the differential equation of a transverse vibrating string: 


T oltxs = ptr — f(x, bt). (2-1.4) 


In the case of a constant density p, this equation is usually written in the 
form 


in = 2x + F(x, t) (2 =~) ; (2-1.5) 
where 


Vem ee Tis ‘) (21.6) 


is the force density per unit of mass. If no external force acts, we obtain 
the homogeneous equation 


2 
Unt = OU: or Ux — yy = 0, y=al, 


which describes the free vibrations of a string. This equation represents 
the simplest example of a hyperbolic differential equation. 

If a concentrated force f,(¢) acts at the point x, where x, < % < x. 
(Figure 2), then Eq. (2-1.3) takes the form 


1 By the assumption that the function u(z, t) is twice continuously differentiable, we 
have practically asserted that we shall consider only those functions that possess this 
property. This does not mean, however, that no functions exist which satisfy the vibra- 
tion equation in integral form and have no second derivatives. Such functions exist and 
are, in practice, of extraordinary interest. More details will be discussed later (2-7). 
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|" octal th) — ul, te — ie “F(, e)déde 


az rye ey 
te te 
= | Toltex(x2, 7) — u(x, t) dt +| fo(t)dz . 
fy ty 
Since the velocity of a point of a string is bounded, the integral on the left 


side of this equation tends towards zero as x,—%) and x,— x) and (2-1.3) 
assumes the form 





to te 
| TOO) 20 0 eS | fole)de . (2-1.7) 
ty ty 
By using the mean-value theorem after 
u ioe dividing both sides of the equation by 
o 4t and taking the limit as ¢#,->?, we 
obtain 
xoto 1 
u,(x, t) =— =/f)(t) 
i eee x x0 To . 
x 
2 Hence, we see that the first derivative 
FIG. 2. has a discontinuity at the point at 


which a concentrated force acts. The 
differential equation loses its meaning for x = x. At this point, both conditions 


u(x + 0, t) = u(x — 0, Zt) 
1 (2-1.8) 
itz (Xo + 0, t) mn Ux(Xo —_ 0, t) = — x Solt) 


must be fulfilled. The first expresses the continuity of the string, while the 
second determines the magnitude of the jump of the derivative at x) in terms 
of f.(¢) and the tension Ty. 


2. Differential equations of longitudinally vibrating rods and 
strings 


Longitudinal vibrations of rods, strings, and springs lead to equations of 
the same type. We shall consider a rod which lies in the interval (0,/) of 
the x axis. Then the longitudinal vibration can be described by a single 
function w(x, ?) which represents at time ¢ the displacement of those points 
which had abscissa x in the equilibrium state.” In longitudinal vibrations 


2 The geometric variable x chosen here is called the Lagrange coordinate. In the 
Lagrange coordinates, each physical point of a rod in the course of an entire process is 
characterized by one and the same geometric coordinate x. A physical point, which at 
the initial time (in the equilibrium state) is at the point x, is found after an arbitrary 
time ¢ at the point with the coordinate X =x+ u(x,t). If we choose any geometric point 
A with the coordinate X, then at different times different physical points (with different 
Lagrange coordinates x) would be found at this point. Frequently we also use the 
Eulerian variables X,t, where X is the geometric coordinate. If U(X, t) denotes the 
displacement of the point with the Eulerian coordinate X, then the Lagrange coordinate 
is x = X — U(X,t). An example of the use of Eulerian coordinates is found in §2-6. 
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the displacement is along the rod. To derive the vibration equation, we 
shall assume that the tension which causes the vibration is given by Hooke’s 
law. 

First we shall calculate the relative elongation of the elements (x, x + dx) 
at time ¢. The end points of these elements at time ¢ have the coordinate 
values 


xt+ u(x,t), x+ 4x+ u(xt+ Ax, t), 
so that the relative elongation is equal to 


Le a Ae a NT al + 04x, 2), 0<0 
x 


Taking the limit as 4x0, it follows that the relative elongation at the 
point x is defined by u,(x, 7). According to Hooke’s law, the tension T(x, ¢) 
satisfies the equation 


IIA 


T2 


T(x, t) = R(x)u.(x, t), (2-1.9) 


where &(x) denotes Young’s modulus at the point x. 
By applying the law for the change of momentum we then arrive at the 
vibration equation in integral form: 


12 
| [uc(é, ta) — il, t.)]o(6 dé 
*1 
te toc te 
=| (exalt) — blade, de + | | FE, 2)d8dz (21.10) 
fy ry ty 
where f(x,7¢) is the density of the external force per unit of length. 
If now the second derivative of the function u(x, 7?) exists and is con- 
tinuous, then by use of the mean-value theorem and after taking the limits* 
as dx = x.—2%,-0 and dt =?, —?t,-—0 we obtain 


[R(x)ux], = putt — T(x, t) (2-1.11) 


as the equation of a longitudinal vibrating rod.* 
If the rod is homogeneous, then this equation becomes 


tu = ata + Fle, a=y Ee (2-1.12) 
p 


where 


Fix, t) = Sf (x, t) 


p 


(2-1.13) 


represents the density of force per unit of mass. 


3 In the following we shall waive the discussion of such details for a transverse 
vibrating string. 

4 The requirement that the vibrations be sufficiently small depends in the present 
case only on the limits of applicability of Hooke’s law. Generally, T = k(x, us)us; we 
then arrive at the quasilinear equation (k(x, ususl: = pun — f(x, t). 
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3. Energy of vibration of a string 


We now seek an expression for the energy E= K+ U of a transverse 
vibrating string where K is the kinetic and U is the potential energy. An 
element dx of the string moving with velocity u, possesses the amount of 
kinetic energy given by 


1 1 
me = ol x)dx(en)” , 


so that the kinetic energy K of the entire string is given by 


t 
= 3\ olx)[eelx, t)'dx. (2-1.14) 
0 
The potential energy of a transverse vibrating string which has the form 
u(x, to) = u(x) at time ¢ = ¢, is equal to the work done in transforming the 
string from the equilibrium state to the state w(x). The profile of the string 
at time ¢ is given by the function z(x, 7). Thus 


u(x,0) =0, u(x, to) = U(x). 


The element dx under the influence of the resultant tension force is related 
to the displacement by 


_ pate 


ix+dx Ox 


= Tu,,dx , 


|x 








whereas the time dt is related by means of u,(x,t)dt. The work done is 
equal to 


t L 
{\ Tasaudshat = {Tota he | Totsttade\d 
it) 


0 


1 d : 2 t 
={-> | To(tx) dx + Tote ,tty hat : 


te} 


By integration over ¢ from 0 to ¢ we obtain 


cee ree fo F 1 
——\| Ty(uz)dx loo + \ Tote, lodt =—— 
2 So ‘ 2 
The meaning of the latter terms of this equation is easy to see; indeed, 
Totz|x=0 is the magnitude of the tension at the end point x =0; w,(0, ¢) is 
the displacement of the end point while the integral 


t 


0 
| T ott tt, |x-odl (2-1.15) 
0 


L to 
| T oltex(x, to) dx + | T ott xt; lod . 
0 0 


represents the work which must be expended by the displacement of the 
end point x =0. The meaning of the terms corresponding to the case x =/ 
is analogous. If the end points of the string are fixed, then the work done 
at these points is zero; here u(0,/)=0 and z,(0,f) =0. Consequently, by a 
displacement of a string with fixed end points from the equilibrium state 
u = 0 to a state u(x) the work done does not depend on the manner in which 
the string is brought into this new state; indeed the work equals 
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->\, T o[teo(x)]’dx , (2-1.16) 
2 Jo 


i.e., it equals the potential energy of the string at time ¢ =f, but with op- 
posite sign. Therefore we have 


I 
BS a [Tolet,)® + plx)(0e,)*]dx (2-1.17) 
0 


as the total energy of the string. We similarly obtain the potential energy 
of a longitudinal vibrating rod. Moreover, we arrive at the potential energy 
of the rod starting from the formula 





From this it follows directly that 


dite 2 
U= =| R(u,)'dx. 
2 Jo 


4. Derivation of the equation of electrical vibrations in con- 
ductors 


The passage of an electric current through a conductor with distributed 
parameters can be characterized by the current strength 7 and the voltage », 
which are functions of the position x and the time ¢. From Ohm’s law for 
an element of the conductor of length dx it follows that the decrease in 
voltage in the element of the conductor dx is equal to the sum of the electro- 
motive forces: 


—v,4x =iRdx +1,L4x, (2-1.18) 


where RF is the resistance and L is the coefficient of self-induction (both are 
expressed per unit of length). 

The amount of electricity flowing through the conducting element 4x 
during the time 4¢t is given by 


[z(x, ) — a(x + dx, )Jdt =— 1,4xAt (2-1.19) 
and is equal to the sum 
Clv(x, + dt) — v(x, \ldx + Gdx- vdt = (Cu, + Gv)dxdt , (2-1.20) 


which is the amount of electricity necessary for the charging of the element 
4x plus the amount which is lost due to insufficient insulation, where C is 
the capacity and G is the loss coefficient (both are expressed per unit of 
length). We assume that the magnitude of the loss is proportional to the 
voltage at those points of the conductor under consideration. 

From (2-1.18), (2-1.19), and (2-1.20) we then obtain the so-called system of 
telegraphic equations? 


5 These equations within the structure of the theory of electromagnetic fields have 
only approximate validity, since the electromagnetic vibrations in the material-filled 
space are neglected. 
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1, + Cu. + Gvu=0 


2-1.21 
v,+ Li + Ri=0. ( ) 


In order to obtain only a single equation defining the function ?, we dif- 
ferentiate the first of the two equations (2-1.21) with respect to x and the 
second with respect to ¢ after we have multiplied these by C. By subtrac- 
tion of the equations thus obtained we then find, under the assumption that 
the coefficients are constant, 


tre + Go, mpage CLins — CRi, = 0 . 


If we insert for v, the value given by the second equation of (2-1.21), we 
obtain the differential equation for the current strength in the conductor 


tx, = CLin + (CR+ GL), + GRi. (2-1.22) 
Analogously, the equation for the voltage reads 
vz, = Clon + (CR + GL)y, + GRov. (2-1.23) 


The differential Eq. (2-1.22) or (2-1.23) is called the telegraphic equation. 
If the insulation loss can be neglected and the resistance is very small 
(G = R= 0), we obtain from (2-1.23), the well-known vibration equation 


= 
Vee = @ Us ’ a “Vz . (2-1.24) 


5. Transverse vibrations of a membrane 


By a membrane we mean a sufficiently thin elastic film whose boundary 
is stretched firmly into a closed-plane curve C and offers no resistance to 
stretching and distortion. Of interest are the transverse vibrations of the 
membrane by which the stretching occurs perpendicular to the plane of the 
membrane. 

Let ds be the element of arc length of an arbitrary closed curve lying on 
the membrane surface through the point M(x, y). A tension of magnitude 
Tds acts on this element. Based on the above hypothesis about the mem- 
brane, the vector T lies in the tangent plane of the instantaneous membrane 
surface and is perpendicular to the element of arc ds. On the same basis 
the magnitude of the tension is also independent of the direction of the 
element ds. The stress vector T= T(x, y, t) is therefore a function of x, y, 
and ¢ alone. Obviously this is the mathematical expression for the absence 
of resistance to stretching or distortion. 

In the following, we will investigate the small vibrations of a membrane 
in which the square of the first derivatives u, and uw, can be neglected. 
From this assumption it then follows directly that the projection 7,(x, y, t) 
of the tension on the x, y plane is equal to the absolute magnitude of the 
tension. For arbitrary orientation of the arc element ds, namely, the angle 
y’ between the vector T and the x,¢ plane is not larger than the angle y 
which is formed by the normal to the membrane surface at the point (x, y) 
and the z axis. Thus, 
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cos 7’ = cosy = i.e., cosy’ & 1, 


SSS OD 1 
Vitti 
and 

TG VADEST cosy Tee): (2-1.25) 


The vertically acting tension is obviously equal to 7, = T(éu/én). Now we 
choose an element on the membrane surface whose projection on the x, y 
plane forms a rectangle ABCD, whose sides are parallel to the coordinate 
axes (Figure 3). On this element acts a tension force of magnitude defined by 


re=$ Tds. (21.26) 
ABCD 


Since along the x and y axes no displace- 
ment occurs, the projections of 7T* on 
these axes equal zero; thus 


* a dD 
T, =\ T(x, y,t)dy —\ T(x, 9, t)dy 
B a 





¥ 
= exes Js t) —_ T(x, +, t)}dy i 0 


yl 


FIG. 3. 


or 
x2 
i =| (T(x, y2,0) — Tx, y1, dx = 0. 
ua 
Hence according to the mean-value theorem, since the surface ABCD is arbi- 
trarily chosen, it follows that 
T(x, di , t) ore T(x, ye , t) 
Tas, t) = T(x2,Y, t) ’ 


(2-1.27) 


i.e., the tension 7 does not vary with x and y and therefore can only be a 
function of ¢ alone. 

The surface area of a membrane element at time ¢ in the sense of our 
approximation is equal to 


[2% —(lvr 1 + us dady = \\deay. (2-1.28) 
cos y ‘ 

Consequently, no extension occurs during the vibration process, whereby 
according to Hooke’s law the independence of the tension on time follows. 
Therefore, the independence of the tension on all three variables x, y, and 
t is proved; i.e., 


T(x, v, t) = const. = Ty. (2-1.29) 


We shall now derive the equation of a vibrating membrane. For this 
purpose we proceed from the law for the change of momentum. Let S, 
be the projection of any one membrane element on the x, y plane, and let 
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C, be the boundary of S,. We set the change of momentum equal to the 
impulse of the vertical components of the tension and the externally acting 
force whose density is f(x, y,¢). Then we obtain the equation of the vibrat- 
ing membrane in the integral form 


| [lect ¥, be) — u(x, y, E)lo(x, y)dxdy 
Ss 


t t 
é | { ot peas: | { | fadxdydt , (2-1.30) 
te, on t)JSy 

where p(x, y) is the surface density of the membrane and /(x,y,¢) is the 
density of the external force. 

In order to go from this equation to a differential equation we shall 
assume the function x(x, y,f) to be twice continuously differentiable. First 
we transform the line integral by means of Green’s theorem® into a surface 
integral 


| aie ds = | |e + u,,)dxdy . 
s\ 


C, on 


Then the above vibration equation is transformed from the integral form into 


te 
| | | (on. _ T olttxx + ityy) Te T(x, dy; t)}dxdydt = 0 . 
fy JS) 

If we now apply the mean-value theorem and take into consideration that 
both S, and the time interval (¢,,¢,) are arbitrary, then we see that the ex- 
pression in the brackets must vanish identically. In this manner we arrive 
at the differential equation of a vibrating membrane: 


puter = Tote + yy) + f(x,y, 0). (2-1.31) 


For a homogeneous membrane the vibration equation can also be written in 
the form 


Hep = A (tex, + tyy) + F(x, y,t), a = (2-1.32) 
where F(x, y,¢) is the force density per unit of mass of the membrane. 


6. Basic equations of hydrodynamics and acoustics 


In order to describe the motion of a fluid one uses three functions v,(x, y, z, ¢), 
v(x, y,z2,t), and v3(x, y,z,¢), which are the components of the velocity vector v 
at the point (x,v,z) at time ¢. Further quantities for the characterization of 
a fluid motion are the density p(x,y,z,¢t), the pressure p(x,y,z,f), and the 
density of the external force given in units of mass F(x,¥,z,¢), in case such 
forces are present. 

We consider a fixed portion of a fluid occupying a region of space 7, and 
calculate the force acting on it. Moreover we shall negtect the friction forces 


6 See V.I. Smirnov, Textbook of Higher Mathematics, 2d ed., Part I, Berlin, 1958, 
p. 175; in the literature it is also called Gauss’ integral theorem. 
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caused by the viscosity, i.e., we consider an ideal fluid. For the resultant 
of the pressure forces we obtain the following expression in the form of a 
surface integral 


-| [ends (2-1.33) 
s 


where S is the surface of the region T and a is the unit vector in the direc- 
tion of the outward directed normal. The formula of Green then yields 


— | | pnas =-|\ | grad pdt . (2-1.34) 
Ss T 


For the calculation of the acceleration of any fluid element, naturally the 
displacement of the points themselves are to be considered. If x= x(t), y= 
y(t), and z = 2(t) are the paths of the points of this element, then the derivative 
of the velocity with respect to time is 








a a : A ; a . a A a a a 
SE aa OU ig OU a OO eg AU OVS ig ORS, OU OO BO ay. 
dt ot Ox oy Oz ot ox ot 
where 
i] . 0 0 
=1 + y—t k— 
V 7m J ay F 


This derivative with respect to time, which takes into account the motion of 
a single element of the medium (the substance), is called the substantive 
derivative. The equation of motion of a fluid which describes the connection 
between the acceleration of the element and the forces acting upon it is 
given by 


\| | espa =— \\ | arad pas + \\ | pFas (2-1.35) 
T TE: T 


The last integral represents the resultant of the external forces which act on 
the region of space TJ. But since T was chosen arbitrarily we obtain the 
equation of motion of an ideal fluid in Eulerian form: 


v, + (vof)v =D eads +F. (2-1.36) 
p 


To derive the needed continuity equation, we shall assume that at all points 
of the streaming fluid region T no additional fluid is introduced, i.e., we limit 
ourselves to the study of source-free streams, in which we regard a sink as 
a negative source. Then the change in the amount of fluid contained in T 
per unit of time is equal to the flux through the boundary S of the region 


d 
pecan —— . 9.1.37 
F || \a [ | ponds ( 37) 


The transformation of the surface integral to a volume integral yields 


\| \( B+ div pw de = 0. 
T ot 
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Since this relation is valid for an arbitrarily small region, there follows the 
continuity equation 


a + div (pv) = 0 


or 


40.4 v grad p + pdivo =0, (21.38) 
To Eqs. (2-1.36) and (2-1.38) there is still to be added the thermodynamic 
equation of state which we shall write here in the form 


p=f(p)- 


Thus we obtain a system of five equations for the five unknown functions 
Vz,Vy,Uz,p, and p. If the equation of state also includes the temperature, 
then a heat-conduction equation must be added. The system of equations 


OU ips Fo gadp 
at p 


20 4 div (ee) S00 (2-1.39) 


p= (pe) 


thus represents the complete system of equations for the motion of an ideal 
fluid. 

To use the hydrodynamic equations for the propagation of sound ina gas, 
we make the following assumptions: (1) no external forces are present; (2) 
the process of sound propagation in a gas proceeds adiabatically, so that 
Poisson’s adiabatic equation 


can be taken as the equation of state (p, designates the initial density and py 
is the initial pressure, c, and c, are the specific heats at a fixed pressure and 
a fixed volume); and (3) the vibrations of the gas are sufficiently small so 
that the higher powers of the velocity, the gradients of the velocity, and the 
gradients of the density can be neglected. 

For the condensation of the gas we designate the relative change in density 
by the quantity 


s(x, y,z,t) = £2 , (2-1.40) 
Po 





Then the condensation is defined by 
p = poll +5). (2-1.41) 


With the above assumptions the hydrodynamic equations take the form 
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wU= wes grad p 
Po 


pt + po divv =0 (2-1.42) 
pb = pol +s)” = po(1 + rs) 
since 
1 1 1 
—gradp=—(l1—s+---)gradp=— gradpt+::: 
p Po Po 
div py = v gradp + pdivu=pdivut+::: 
where the dots denote the terms which are of second and higher order of 
smallness. With the notation a* =rpo/o. we rewrite the system (2-1.42) in 
the form 
v, =— a’ grads (2-1.42") 
St + div v = 0 4 


If we now apply the divergence operator to the first equation of (2-1.42’) and 
interchange the order of differentiation, we obtain 


= div v =— a’ div (grads) =~.a’p’s =— a’ds, 


where 
a a a 


2 
—- v4 | ae =a ie 
V ax * ay * az 





is the Laplace operator. Then the second expression of (2-1.42’) can be used 
to yield the vibration equation 


fence (2-1.43) 
a 


or 
@ (Sie S55 P Sa) = See 

From this and from (2-1.40) we obtain the density equation 
(sx + Pyy + pz) = pte - 


We now introduce the velocity potential and show that it satisfies the 
same vibration Eq. (2-1.43), as does the condensation. From the expression 


v, =— a’ grads 


follows 
t 
v(x, y, Z, t) = v(x, y, z,0) — a’ grad (| sdt ) , (2-1.44) 
0 


where v(x, y,z,0) is the initial velocity distribution. If the velocity field at 
the initial time possesses the potential 


VD |r=9 =— grad f(x, y, 2), (2-1.45) 
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we can obtain the expression 
t 
v =~ grad| f(s, z) +a'| sat |=~ grad U. (2-1.46) 
J0 


This means that a velocity potential U(x, y,z,¢) exists. The knowledge of 
the velocity potential yields for the determination of the complete process 
of motion the following: 


v =— grad U 
1 (2-1.47) 


By inserting these quantities into the continuity equation 
s+ divv=0, 
we obtain the vibration equation for the potential: 


at Ux + Usy + U2) = Ui 
or 
Un = adAu. (2-1.48) 


Equations for the pressure p and the velocity v similar to Eq. (2-1.48) can 
be derived. These are usually called the equations of acoustics. 

For the solution of two- and one-dimensional problems the Laplace opera- 
tor is replaced in Eq. (2-1.48) by @7/4x° + a°/ay’ or d°/ax’. 

For the vibrations of a gas in a bounded region of space, specific bound- 
ary conditions must be fulfilled; that is, certain restrictions are imposed which 
are to be applied directly on the sought functions at the boundary of the 
gas-filled region of space. The simplest example is for the case of a gas 
moving in a vessel whose walls are fixed. Since the stream velocity must 
always be directed tangentially on these walls, the normal component of the 
velocity must be equal to zero. This leads to the condition 


aU 


on 


as 
=0 or — 
z on 








= 0. (2-1.49) 








The constant 





possesses the dimension of velocity and, as will be shown later, represents 
the velocity of propagation of sound. 

We shall now calculate the velocity of sound in air at normal atmospheric 
pressure. In this case, we have 7 =7/5, po = 1.293-10°% gem’, and p, = 
1.033 kg cm~*; consequently, 


a =y/ Ths = 336 msec". 
Po 
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7. Boundary and initial conditions 


For the mathematical description of a physical process, a problem must 
first of all be defined; that is, the conditions must be formulated which are 
sufficient for the unique determination of the process. 

Both ordinary and naturally partial differential equations possess, in 
general, infinitely many solutions. Therefore, in those cases in which the 
physical problem to be considered leads to a partial differential equation, for 
a unique characterization of the process it is necessary to add further con- 
ditions on the differential equation. 

For an ordinary differential equation of the second order the solution 
can be determined from the initial conditions, i.e., from the initial value of 
the function itself and its first derivative at the initial value of the argu- 
ment. Also possible are other forms of the conditions of state; for example, 
the function can be prescribed at two distinct points (problem of the catenary). 
For partial differential equations there are, likewise, different forms of the 
conditions of state. 

We shall consider, first, the simple problem of a transverse vibrating 
string fixed at the ends. Here u(x,t) denotes the displacement of the string 
from its equilibrium position (x axis). If the ends of the string 0S x1 
are held fixed, the boundary conditions which must be satisfied are 


u(0,¢)=0, u(l,t)=0. (2-1.50) 


On the other hand, there are initial conditions to be satisfied, i.e. the dis- 
placement and velocity of the string at the initial time ¢,, say 


u (x, to) = (x) (2-1.51) 
(x, to) = (x) be 


The conditions of state therefore consist of boundary and initial conditions. 
Later we shall show that these conditions completely determine the solution 
of the vibration equation 


ee — a) ae (2-1.52) 


If the end points of the string move in a prescribed way, then the boundary 
conditions assume another form: 


u(0, t) = w(t) , (2-1.50') 
u(l, t) = p2(t) , 


where y,(¢) and y(t) are prescribed functions of the time ¢. The statement 
of problems for longitudinal vibrating rods or springs reads analogously. 

Boundary conditions occur also in other forms. We shall consider, for 
example, a longitudinal vibrating spring which is fastened at one end (sus- 
pended point) while the other is free to move. The motion of the free end 
is not known and is thus the function to be determined. At the point of 
suspension x = 0 there can be no displacement, 


u(0,t) = 0; 
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while at the free-end point x =/ the spring tension is given by 





TU, t) =k— (2-1.53) 
x z=l 

and equals zero (no external force), so that the mathematical formulation of the 

conditions for the free end takes the form 


u,(/,t)=0. 


If the fixed end x=0 moves according to a definite law p(t), whereas at x=/ 
the prescribed force v(t) acts, then we write 


u(0, 7) = p(t), 2,(/, t) = v(t) with v(t) = <5) : 


Typical also is a condition of an elastic constraint, say at x =/: 
ku,(1, t) =—aut, t) 


or 


ul, t)=—hull,t), h= a (2-1.54) 


about which the end point x =/ can be displaced, while the elastic force of 
the constraint at this point gives rise to a tension which causes the displaced 
point to return to its earlier position. The rigidity of the constraint is 
characterized by the coefficient a. 

If at a point of a system at which an elastic constraint acts, the dis- 
placement and its deviation from the initial position is given by the func- 
tion @(t), then the boundary conditions read 


u,(l, t) =— h[u(, t) — 0()) swith oh = = (2-1.55) 


Note that in the case of a rigid constraint (large a), even when small 
displacements cause large tensions, the last boundary condition is transformed 
into the first for p(t) = a(t). For a weak constraint (small a), in which large 
displacements produce only small tensions, the condition for a free-end point 
occurs in place of the last noted boundary condition. 

In the following, we shall speak of three principal types of boundary 
conditions: 

1. The first type «(0, ¢) = x(t), a prescribed motion of the end point x = 0; 
2. The second type z,(0, ¢) = v(t), a prescribed force; 
3. The third type #,(0, t) = A[z(0, t) — O(t)], an elastic constraint. 

In an analogous way we formulate the boundary conditions for the second 
end point x =/. If the functions on the right sides— p(t), v(t), or 0(t) —equal 
zero, then one speaks of homogeneous boundary conditions. 

Combinations of these different types of boundary conditions result in 
six types of simple boundary-value problems. Complicated boundary condi- 
tions occur, for example, for an elastic constraint which does not satisfy 
Hooke’s law—that is, if the tension at the end point is a non-linear function 
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of the displacement z(/, ¢), namely, 
ui, t) = Full t)}. (2-1.56) 


This boundary condition is, in contrast with the law stated above, non-linear. 
In addition, the relations between the displacements and the tensions are 
possible at different points of the system; e.g., the boundary conditions for 
problems of the vibrations of a ring, where x=0 and x=/ designate one 
and the same point, read: 


u(/, t) = u(0, ft), 2u,(0, t) = u,(/, t) (2-1.57) 


and amount to the requirement that # and #, are continuous. In the boundary 
conditions the derivative with respect to ¢ can also occur. If the end of a spring 
undergoes a resistance from the outside, which is proportional to its velocity 
(perhaps by a disc fastened to the end of the spring, and for which the plane 
of the disc is perpendicular to the spring axis), the boundary conditions read: 


ku,(l, t) =— atl, t). (2-1.58) 
If a mass m is suspended at the end of the spring x =/, then the condition 
mul, t) =—ku,(l, t) + mg (2-1.59) 


must be fulfilled at x = /. 

In the following discussion we shall limit ourselves to the consideration 
of the three simplest types of boundary conditions, directing attention to an 
example of boundary conditions of the first type, and indicate only incidentally 
the peculiarities which occur in connection with the second and third types. 

To formulate the first boundary-value problem for Eq. (2-1.52), let us seek 
a function w(x, ¢) which satisfies the equation 


they = Ate, for O<x<l, t>0 
as well as the boundary and initial conditions 


uw (0, ¢) = p,(t) 
wu (Z, t) = pelt) 
wt (x,0) = v(x) 
wt.(x,0) = f(x). 


We speak of the second or third boundary-value problem if boundary 
conditions of the second or third type are imposed at both ends. If the 
boundary conditions for x =0 and x=/ are of different types, then we mean 
mixed boundary-value problems without classifying them more precisely. 

We now turn to the limiting cases of these problems. The influence of 
the boundary conditions at a point M, which is sufficiently far from the 
boundary, first enters the expression at a sufficiently large interval of time. 

Of interest to us is the behavior during a small time interval in which 
the influence of the boundary conditions is still negligible; then instead of 
treating the complete problem, we can consider the problem with initial con- 


(2-1.60) 
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ditions for an unbounded region. Thus we seek a solution of the equation 
Un = Guy, + f(x, bt) for —wo< xo, t>0, 
with the initial displacement 
(u(x, t)]r-0 = o(x) for —-wo<x<o, (2-1.61) 
and the initial velocity distribution 
[tt.(x, t)jr=20 = P(x) for —-ao< xo, 


This problem of the infinite string is ordinarily known as Cauchy’s problem. 

If, however, we wish to study the behavior in the neighborhood of the 
boundary, and if the influence of the boundary condition of one boundary on 
the other in the course of a prescribed time interval remains insignificant, 
we are led to a problem for a semi-infinite line 0 S x < oo, where apart from 
the differential equation itself we also have the conditions 


“u(0,t)=pt), t20 
uw (x,0) = (x) , 
u,(x,0) = d(x) . 


The character of the process for a time interval which is sufficiently 
long from the initial time ¢ =0, is completely defined by the boundary values 
since the influence of the initial conditions, because of the friction which 
occurs in every real system, vanishes with increasing ¢.’ Such cases occur 
mostly when the system under consideration is acted on by a periodic bound- 
ary influence which persists for an indefinitely long time. The formulation 
of such problems without initial conditions is as follows: 

Find a solution of the considered equation for 0S x </ and t > —o with 
the boundary conditions 


OSx<a eh0e) 


u(0, t) = wilt) (2-1.63) 
u(l, t) = p2(t) . 


This is analogous to the problem without initial conditions for the semi- 
infinite line. 

Besides the fundamental boundary-value problems, we shall also consider 
in what follows the limiting cases: 
1. Problems for an infinite region when one or both boundaries lie at infinity. 
2. Problems without initial conditions when the solutions considered are 
defined in the course of an infinitely large time interval. 


8. Reduction of the general problem 


For the solution of complicated problems one endeavors to trace them 
back to the solution of simpler problems. To this end we shall represent 


7 The vibration equation, taking into consideration the influence of friction which is 
proportional to the velocity, has the form ure = a2us. — au,, where a > 0. For details 
of the above problem without initial conditions for @ =0, see § 3-7. 
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the solution of the general boundary-value problem as a superposition of the 
solution of specific boundary-value problems. 





The functions #,(x,?t), where 1=1,2,---,2, are required to satisfy the 
equations 
a2, 
Te ag EH 4 Hat for O0<x<i,1>0 (2-1.64) 


and the conditions 
u(0, t) = pitt) 
ui(l, t) = p(t) 

ui(x,0) = g'(x) (2-1.65) 

a 





7p e= p(x). 


Obviously, the solutions can be superposed in such a way that the function 


u(x,t) = 3 ude, t (2-1.66) 
satisfies the analogous equation with : 
f(x, t)= > fix, 1) (2-1.67) 
i=1 


and the conditions with right sides given by 


pet) > pit), k=1,2 


oe '(x) = doe) (2-1.68) 


(x) = peace) . 


We see that this superposition principle is valid not only for the aforemen- 
tioned problem, but also for every linear equation with linear auxiliary con- 
ditions. We shall use this property repeatedly in the following. 

The solution of the general boundary-value problem 


le=Gusztf(x,t), O<x<l,t>0) 
u (0, t) = p(t) 


u (1, t) = p(t) (2-1.69) 
u (x, 0) = g(x) 
u(x, 0) = d(x) 
can be represented as a sum 
u(x, t) = u,(x, t) + u(x, 8) + us(x, t) + u(x, 2), (2-1.70) 


where u,,U:, 3, u, are Solutions of the particular boundary-value problems 
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ou 20Uu : 
=a —, 7=1,2,3, 
a d (2-1.71) 
au, _ a a Ms 
aoe ax +f(x,t}), O<x<Il,t>0, 
#,(0, t) = 0 u,(l,t) =0 u,(x, 0) = = u,,(x,0) = . x) 
u,(0, t) = Hi (t) u,(I, t) = 0 u(x, 0) = Ur, (x, 0) = 
u3(0, t) = 0 u,(l, t) = p(t) Us(x, 0) = Us,(x, 0) = 
u,(0, t) = 0 u,(1, t) = 0 u,(x, 0) = us, (x, 0) = 


We shall limit ourselves for this formal reduction to the characterization 
of those special boundary-value problems which are important intermediate 
ones for the solution of the general problem. An analogous reduction can 
also be obtained for the limiting cases of the general problem. 


9. Formulation of boundary-value problems for several variables 


We have considered above only the formulation of boundary-value problems 
for the case of one independent geometric variable x and the timet. If the 
number # of the geometric variables is larger than one (for example, x = 3), 
then the first boundary-value problem reads: 

We seek a function u(M, t) = u(x, y, z,t) which is defined in the interior 
of a prescribed region T with boundary 3; in the interior of T the function 
must satisfy the equation 


Un = a’dut f(x, y,2,t), M(x, y,2) € T, t>0 (2-1.72) 
and on the boundary ¥ must satisfy the boundary condition 


uls=plx,y,2,t), M(x,y,z)€3, t>0; (2-1.73) 


it also must satisfy the initial conditions 


(2,920 = HH, ree y eT, (2-1.74) 
u(x, ys zy 0) = Wx, ys z) 
where u(x, y, 2, ¢t) is a function defined on 2. 

The reduction of the general boundary-value problem to a series of simpler 
problems is analogous to that in §2-8. It is to be noted that here also the 
limiting case for an unbounded region, semi-infinite space, etc., can be con- 
sidered. 


10. Uniqueness theorem 


In the solution of boundary-value problems both of the following ques- 

tions arise. 

l. Are auxiliary conditions sufficient for the determination of a unique solu- 
tion? 

2. Will the problem be overdetermined by the auxiliary conditions, i.e., are 
these conditions incompatible? 
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The first question is answered by the uniqueness theorem, the second by 
the existence theorem. The proof for the existence of solutions depends 
strictly on the method that one uses for its determination. In the following 
we shall prove the uniqueness theorem. 

The differential equation 








ee (ASL) + Fi, O<x<1,t>0 (2-1.75) 
ot Ox Ox 


possesses only one solution which satisfies the initial and boundary condi- 
tions 
u (x, 0) = 9 (x) 
u(x, 0) = (x) 
u (0, ¢) = w(t) 
w(1,t) = pelt). 
Here it is assumed that the function u(x, ¢) and its first and second deri- 
vatives are continuous in the interval OS x</ for t20, and p(x) >0, k(x) >0 


are continuous functions. 
Suppose there are two solutions 


(2-1.76) 


u,(x, t) and 2to(x, f) 
of the problem under consideration. Their difference 
v(x, t) = u(x, t) — u(x, t) 
obviously then satisfies the homogeneous equation 
av 2a av ae 
se Be 2-1.77 
Yar 7a = : 


and the homogencous auxiliary conditions 


v(x, 0) = 90 
pa (21.78) 
v (0, t) =90 
vil, t)=0. 


Then we shall prove that the function v(x, t) defined by the conditions (2-1.78) 
is identically zero. 
To this end, we consider the function 


t 
BU) = | {hlv.)*+ elo" dx (2-1.79) 


and prove that it is independent of tf. Physically the function Z(t) represents 
the total energy of the string at time f. We differentiate E(t) with respect 
to ¢; since the second derivatives are continuous we can differentiate under 
the integral sign. This gives 
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dE(t) 
dt 


An integration by parts of the first term of the sum on the right side gives 


=| (Rv.vit + PUWu)ax « 


[ kvvudx = [kui — [ vilkv,),dx . (2-1.80) 


0 


On the basis of the boundary conditions the expression in brackets vanishes; 
v0, 4) = 0 follows from v(0, t) = 0, and similarly for x= 7. Thus 
dE(t) 
at 


L 


t 
= | (ieee | jin eS oe 
0 0 


this means E(t) = const. By taking into consideration the initial conditions 
we find further that 


t 
E(t) = const. = E(0) = 5\ [R(vx)) + plu) ]i-0 dx = 0 (2-1.81) 
0 


because 
v(x, 0) = 0 and vix,0)=0. 


Since by hypothesis p(x) and &(x) are always positive, it follows from (2-1.79) 
and (2-1.81) that 


v(x, t) =0 and v(x, t) =0 
and hence the identity 


v(x, t) = const. =C,. (2-1.82) 
From the corresponding initial conditions we then find 
v(x,0) =C,=0, 
and therefore we prove that 
v(x, t) =0. (2-1.83) 


If, therefore, (x,t) and w,(x,¢) are two functions which satisfy all the con- 
ditions of our theorem, then 2,(x, ft) = u,(x, ¢). 

For the second boundary-value problem the function v = u, — %, satisfies 
the boundary conditions 


v,(0, t) =0 , v.(1, t) = 0; (2-1.84) 
so that the brackets in (2-1.80) vanish again. The rest of the proof remains 
unchanged. 

With regard to the third boundary-value problem, the proof of the unique- 
ness theorem requires several changes. If we again consider two solutions 


w, and w,, then for their difference, v(x,t) =m, —w,, the differential Eq. 
(2-1.77) results, while the boundary conditions read: 


v,(0, 2) — h,v(0,t) =0, h, 20 
v,(1, t) + h,v(l, t) => 0 ’ hy 2 0 < 


(2-1.85) 
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Next we shall write the expression in the brackets in (2-1.80) 
a 
[kv.vJo =— 4 pyle lls t) + hyv°(0, t)]. 
If we integrate dE/dt from 0 to ¢, we find 


tel 
Fit) — E(0) = | | vilpvn — (kvs)eldxdt 


0/0 


_ Z (nsfo%l, 1) — v°(1, 0)] + hilv*(0, t) — v°(0, 0)])} 


from which, with respect to the equation and the initial conditions, it follows 
that 


E(t) =—Z 1h", 1) + hyv(0, )] <0. (2-1.86) 


However, since the integrand is non-negative, then £(t) 20, from which 
necessarily follow 
E(t) =0 (2-1.87) 
and 
v(x, ft) =0- (2-1.88) 


Thus the uniqueness theorem is proved also for the third boundary-value 
problem. 

The method of proof used here, which was based on the use of the expres- 
sion for the total energy, is often used for the proof of uniqueness theorems 
in different branches of mathematical physics (for example, in electrodynamics, 
elasticity theory, and hydrodynamics). 

The proof of existence for these and other boundary-value problems will 
be discussed later when we consider the corresponding questions. 


Problems 


1. Prove that the differential equation for small torsional vibrations of a rod 


has the form 
On = aOx., a -(2 ’ 


where 9 is the angle of torsion of the cross section of the rod at the abscissa 
x,G is the modulus of torsion, J is the polar moment of inertia of the cross 
section, and & is the moment of inertia per unit of length of the rod. Give 
a physical interpretation of the first, second, and third boundary conditions 
for this problem. 

2. Let an absolutely flexible homogeneous cable be fastened at one end. 
Under the influence of its weight, it is aligned then with the vertical axis. 
Find the differential equation for small vibrations of the cable. 

Solution: 


vu» a ou ‘ 2 
rae os | with a@ =g, 
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where w(x, f) is the displacement of the points, / is the length of the cable, 
and g is the acceleration due to gravity. 
3. A heavy homogeneous cable of length /, which is fastened at its upper 
end (x = 0) of a vertical axis, rotates about this axis with a uniform angular 
velocity #. Derive the differential equation for small vibrations in the neigh- 
borhood of the vertical state of equilibrium. 

Solution: 





au 2 0 Ou 2 . 2 
=a—| (l-— x) ]+ou with a=gQ. 
at ax [ ) x | z 
4. Find the equation of a transverse vibrating string which exists ina medium 
whose resistence is proportional to the velocity. 
Solution: 


2 2 
Vi = AVy, —hY,. 


5. Formulate the boundary conditions for the differential equation of a longi- 
tudinal vibrating elastic spring where the upper end of the spring is rigidly 
fixed and, in contrast, a weight P hangs at the lower end when 

(a) The rod in the equilibrium state under the action of an immovable 
weight P, which is fixed at its lower end, exists in a state of elongation 
(static deformation). 

(b) The rod in the state of equilibrium is unstretched. This arises, for 
example, when at the initial time under the weight, the support on which 
the weight was previously resting, has moved; at first, the weight begins 
to stretch the rod. 

6. Determine the differential equation and the auxiliary conditions for the 
torsional vibrations of a rod, at both ends of which discs are fastened. 
Solution: For x =0 and x =/7 the boundary conditions 


0,.(0, t) = aid,(0, t) , 6.41, t) — 3 a39,(1, t) 


must be satisfied. 
7. At an arbitrary point x = x of a string (0 <x </) let there be placed a 
weight of mass M. Find the conditions determining the state of the vibration. 
8. A weight of mass M is at the end x =/ of an elastic rod which is elastically 
fixed at the point x =0. Determine the differential equaticn and the condi- 
tions for the longitudinal vibrations of the rod under the assumption that it 
is acted on by an external force. Hence there are two cases to be considered: 
(a) The force is distributed along the rod with the density /(x, f). 
(b) The force is concentrated at a point x = x, and equals F,(t). 
9. Consider small vibrations of an ideal gas in a cylindrical tube. Derive 
first the fundamental differential equations of hydrodynamics and, next, under 
the assumption that the process proceeds adiabatically, [equations] for (a) the 
density p, (b) the pressure p, (c) the velocity potential y of the gas particles, 
(d) the velocity v, and (e) the displacement of particles wu. In addition, con- 
struct an example which realizes the boundary conditions of the first, second, 
and third types for these differential equations. 
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10. What similarities exist between the phenomena of mechanical, accoustical, 


and electrical vibrations? 

11. Construct an example of the boundary conditions of the first, second, 
and third types for telegraphic equations. 

12. Consider the longitudinal vibrations in an inhomogeneous rod (k= :, 
for x< x, R=k, for x > x9), and derive the conditions which must be satisfied 
at the boundary between segments of inhomogeneous rod (for x = xp). 

13. Give a physical interpretation of the boundary conditions 


au,(0, t) + Bu.(0,t) =0. 


14, Give an example of a mechanical model which can be described by the 
equation 


Ure = Az, + bu, + cu. 


2-2. WAVE-PROPAGATION METHOD 
1. The D’Alembert method 


The subject of the following investigations is methods for the construc- 
tion of boundary-value problems for hyperbolic differential equations. We 
begin by considering the problem of an infinite string with the initial condi- 


tions 


i — Aux =O0, (2-2.1) 
u(x, 0) = (x), (22.2) 
u(x, 0) = f(x). 


First we transform this equation to the canonical form in which the mixed 
derivative is obtained. The characteristic equation 


dx’ — ad? =0 
reduces to two equations 
dx —adt=0, dx+adt=0. 
Their integrals are the straight lines 
x—at=C., xtat=C,. 
As in the previous chapter, we introduce the new variables 
f=x-+al, n=x-—at. 
If we then calculate the derivatives 
uU,=Uetty, Uy, = Uee + 2tten + Ua, 
Ue = Alte — tty) , Ure = (thee — 2tten + Utay)Q’ , 
we see that the equation of a vibrating string can be transformed to the form 


Ue = 0. (2-2.3) 
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Obviously for each solution of Eq. (2-2.3) 
unlE, 4) = f*(y) 


is valid, where f*(y) is a function of 7 alone. By integration of this equation 
with respect to y for fixed € we get 


un) = |Pdy + Al8) = Al) + Ald (2.2.4) 


where /, depends only on € and f, only on 7. Conversely, any arbitrary dif- 
ferentiable functions f, and f, which define the function #(é, 7) through (2-2.4) 
represent solutions of Eq. (2-2.3). Since every solution of Eq. (2-2.3) for a 
Suitable choice of f; and f, can be represented in the form (2-2.4), then (2-2.4) 
yields the general solution of this equation. Consequently, 


u(x,t) = filx + at) + fo(x — at) (2-2.5) 


is the general solution of the differential equation (2-2.1). 

Now we assume that a solution of the problem under consideration exists. 
This is then given by (2-2.5). The functions f, and f, are determined so that 
the initial conditions 

u(x, 0) = fi(x) + fo(x) = g(x) (2-2.6) 


u(x, 0) = afi(x) — af2(x) = (x) (2-2.7) 


are fulfilled. By integration of the second equation we obtain 


4 


Als) — fils) = gladda +c, 
*0 
where x, and C are constants. From the equations 


Fi(x) + falx) = ¢(x) 


x 


Als) — fas) = 2) plaid + C 


*o 


we then find 
Als) = Fol) + |" Halda+ $ 
@ Jxy (2-2.8) 
2h pers Ane 2K 
fle) = 9x) ~ 5 |; Hada - 


In this manner, f, and f, are defined by the given functions g and ¢, 
where Eq. (2-2.8) must be satisfied for arbitrary values of the argument.’ 
By substitution of the arguments of f; and f/f; as in (2-2.5) we obtain 


xtat x—at 
u(x, t) = ie eos +3-{| pada — | Hada 
*0 


*0 

8 In formula (2-2.5), fi and f2 are not uniquely defined. That is, if we subtract 
from f; any fixed number ¢ and add this to fz, uw remains unchanged. In 2-2.8, how- 
ever, the constant C is not determined by g and «. It can be omitted or replaced by 
another without changing the value of u. When fi and f2 are added, the sum differs 
by + C/2. 
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or 
xtat 
PF fae ine eee + (x— at) x Madde. (2-2.9) 


Formula (2-2.9), the so-called D’Alembert formula, was derived under the 
assumption that a solution of the given problem exists. This formula proves 
the uniqueness of the solution. If there were to exist another solution of 
the differential Eq. (2-2.1) with initial conditions (2-2.2) then it would have 
to be a solution of the form (2-2.9) and hence would coincide with the first 
solution. It can be shown that the function u(x,t), defined by (2-2.9) under the 
assumption that » be twice differentiable and that ¢ is only once differenti- 
able, satisfies both Eq. (2-2.1) and also the initial conditions (2-2.2), so that 
the D’Alembert method besides proving uniqueness also proves the existence 
of the solution of the given problem. 


2. Physical interpretation 


The function u(x,t) which appears as a solution of the wave equation 
with initial conditions, is the sum of two functions 


yx + at) + (x — at) 


u(x,t) = 5 


(2-2.10) 


1 rte 
u(x,t) = sa | Pla)da. 
2G: \ pay 
The first sum z,(x, 7?) represents the path of propagation of the initial dis- 
placement without the initial velocity, ¢(x) =0; the second sum w,(x, t) con- 
tains the initial velocity (the initial impulse) for vanishing initial displace- 
ment. The function (x, ¢) can be interpreted geometrically as a surface in 
u,x,t space (Fig. 4a). The intersection of this surface with the plane 





FIG. 4, 
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t=, is analytically given by wu = u(x, t,) and yields the profile of the string 
at time ¢,. On the other hand, the intersection of the surface u(x, ¢) with 
the plane x = x» gives « = u(x,,¢), which is the path of motion of the points 
Kos 

The function w(x, t) given by 2 = f(x —at) is described in physics as a 
propagating wave.° The displaced profile defined by this function at different 
times ¢ can be easily illustrated in the following manner: We shall assume 
that an observer moves parallel to the x axis with the velocity a (Figure 4b). 
If the observer then is found at the initial time ¢=0 at a position x =0, 
then up to time ¢ he has moved along the path toward the right. If we 
now introduce a new coordinate system through 


x'’=x-—at and t'=t 


which moves with the observer, then w= f(x —at) is defined in the new 
coordinate system by 


u(x’, f) = f(x’); 
l.e., the observer during the entire time ¢ sees one and the same profile 
f(x’), which coincides with the profile f(x) at the initial time ¢ = 0. 
Therefore f(x — at) represents a fixed profile f(x’) moving toward the 
right with the velocity a (propagating wave). 
If we consider the x,¢ phase plane, then the function «= f(x — at) re- 
mains constant on the straight line 


x — at = const. 


The surface « = f(x — at) is also a cylindrical surface whose generators are 
parallel to the straight lines x = at. Thus the form of the cylindrical surface 
is determined by the profile of the initial displacement. 

In the interval (x,, x2) let the function f(x) now be different from zero 
and outside of this interval equal to zero. The straight lines x—at =x, 
and x — at = x, represent the forward surface and the rear surface of the 
propagating wave f(x —at). These lines divide the x,¢ plane into three 
regions I, II, and III. 

The regions I and III consist of the 
points (x, ¢) which correspond at the time 
t considered to the point x of the string 
that lies behind the forward propagating 
wave. On the other hand, the points (x, ¢) 
of region II correspond to those points x 
through which, at time ¢, the forward pro- 
pagating wave travels (Figure 5). 

It is obvious that f(x + at) represents 
a wave propagating toward the left at a 
FIG. 5. velocity a. For this wave a similar inter- 





x *2 


® In physics one uses the form u = s(t +) ; 
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pretation can be given. The function z,(x, ¢) which describes the propagation 
of the initial displacement g(x) with vanishing initial velocity, g(x) =0, is 
given by formula (2-2.10) as the sum of two waves propagating to the right 
and left at a velocity @. Thus the initial form of both waves is characterized 
by the function ¢(x)/2, which is equal to one half of the original displacement. 
As a first simple example we shall consider the propagation of an original 
displacement which has the form of an equilateral triangle. The string 
preserves this form if it lengthens in the middle of the interval (x,, x.) while 
the points x, and x, remain fixed. Figure 
6 shows the successive behavior of the 
string after a time interval of amount 


At = 2 
8a 


If one wishes to exhibit the behavior of the 
string in the course of a sufficiently small 
time interval, then one can, so to speak, 
group together snapshots of the propaga- 
tion of the original length. 

If we place the characteristics in the 
x,t phase plane through the end points of 
the intervals P(x,,0), Q(x,,0) (Fig. 7), the 
plane is divided into six regions—regions 
I and V at the time ¢ considered in which 
lengthening has yet to occur, region III in 
which maximum lengthening has already 
occurred, and regions II, IV, and VI in 

FIG. 6. which lengthening has just occurred. 

As a second example we shall investi- 
gate the case in which there is no initial lengthening, but in which an 
initial velocity exists. Let it be different from zero only in the interval 
(x1, X2) and possess there the constant value ¢. Then we can write 





u(x, 0) = g(x) = do for ny SxS nm, 
= for x > X2 or x< x. 


Formula (2-2.9) then takes the form 


x+tat 
u(x, t) = u(x, t) = oa Pa)da = (¥(x + at) — F(x — at). 
x-ate 

The function w(x, ¢) is given also in this case as the sum of two waves. 
Thus ¥(x) is the integral of ¢(a) and represents the profile of a wave pro- 
pagating to the left: 
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FIG. 7. 
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w(x) 


al *2 


FIG. 8. 


We choose x, = *, appropriately. The auxiliary function ¥(x) so obtained is 


represented in Figure 8. 
Vix) =0 


2a 


x 


Hence, 
for xn, 
(x — x1)Po for um SxSm, 
—(x2 — x1) for XE X.. 
a 


In order to find u(x,t) we must form the 
difference of the left and right waves defined by 
V(x). Figure 9 shows the position of these waves 
and their difference after a time interval dt = 
(x, — x,)/8a. For ¢ > (x,—x,)/2a the profile of 
the displacement is given by a trapezoid which 
expands uniformly with the time. If ¢(x) is not 
a constant, the problem under consideration re- 
mains essentially unchanged. By using the phase 
plane (Figure 7) we can easily show in which 
region the Iengthening has not yet occurred 
(I and V), where the lengthening has already at- 
tained its maximum value (III), and where this 
is not yet the case (II, IV, and VI). 

Consequently, the lengthening of the string 
occurs not only at one but at many places; thus 
we obtain the form of a propagating wave in 
which one adds the lengthenings corresponding 
to the influence of single moving points. The 
two examples consequently illustrate the pro- 
pagation of waves also in the general case. 

As a third example we shall consider the 
vibration of a string under the influence of a 
concentrated acting impulse. By striking the 
string at the point (x,x + dx) with any object 
(for example, with a hammer), we produce an 
impulse / at this position which is equal to the 
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change of the momentum of the object struck during the time of the stroke. 
Let the change in velocity of the point in the interval dx be equal to », 
where v is the initial velocity. Under the assumption that the initial velocity 
v is constant in dx, then we obtain the change of momentum, 


pv4dx = I, 


where op is the linear density of the string. Consequently, we must solve 
the wave equation with the initial velocity, 


din = 9 = x,x+ dx, 


Pex, = 0 x,x+ dx, 


for the initial displacement. 

The lengthening obtained by the action of the impulse can be described 
by a trapezoid whose lower base equals (2af) + Jx and whose upper base 
equals (2at) — 4x, for t > dx/2a. Obviously, the quantity J/4dx = J, can be 
interpreted as the impulse density. As Jx-— 0 the following results for the 
form of the displacement: the lengthening is equal to zero everywhere out- 
side the interval (x — at, x + at), and inside it is equal to 1/2a-1/o. Loosely 
speaking, one can Say that the displacement is produced by the point im- 
pulse J. 

We consider now the x,?f phase plane 
fi (Figure 10) and place the two characteristics 
through (xp, é5): 


x—at=x)— al, 


Ory ——, 
(oe fy) xtat=x+al. 


They determine two angles a, and a, 
the so-called upper and lower characteristic 
x angles at the point (%o, fo). 
The action of a point impulse at the 
FIG. 10. point (xo,f,) produces a lengthening which 
in the interior of the above characteristic 
angles equals 1/2a - 1/o and outside the interval equals zero. 

Of interest to us now is the region in which the solution is uniquely 
defined by the initial conditions when these are prescribed in a given interval 
PQ of the lines t=0. 

Formula (2-2.9) shows that it suffices for the determination of the func- 
tion « at any point M(x, t) of the x,¢ phase plane (Figure 7) when the initial 
conditions in the interval PQ are known. Thus, P, Q are the points of the 
x axis with the coordinates x—at and x + at. The segments MP and MQ 
of the characteristics passing through the point M and the segment PQ of 
the x axis form a triangle MPQ called the characteristic triangle of the 
point M. 

If the initial conditions are not given on the entire line —o <x <0 
but are given only in a fixed interval PQ, then these initial conditions define 
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the solution uniquely within the characteristic triangle which has the interval 
PQ as a base. 


3. Stability of the solution 


The solution of Eq. (2-2.1) is uniquely determined by the initial condi- 
tions (2-2.2). We shall prove that between this solution and the initial condi- 
tions exists a continuous dependence and, in fact, we have the theorem: 

For each time interval 0 S$ ¢ < ¢, and for arbitrary e there exists a number 
6(e, to.) Such that two solutions w,(x,¢) and u(x,t) of Eq. (2-2.1) differ from 
each other by an amount less than «e: 


| u(x,t) — u(x, t)| <e, 0<tst,, 


provided that the initial values 





u(x, 0) = ¢,(x) u(x, 0) = g2(x) 
U1 (4,0) = lx) = Ouls 0) = G(x) 
at at 
differ from each other by an amount less than 36: 
lex) —gilx)1< 5, I i(x) — dalx)| <6. (2-2.11) 


The proof of this theorem is surprisingly simple. The functions u,(x, ¢) and 
uo(x, t) are linked to the initial values by formula (2-2.9), so that 


lox + at) — v(x + at)| 
2 


lgi(x — at) — @2(x—at) | a 
= 2 aaa 


| u(x, t) — u(x, t)| S 


| di(a) — $2(a) |da, 


xz—at 
whereas on the basis of the inequality (2-2.11), there follows 


| u,(x, t) — u(x, ¢) | ae gee ey = 6(1.4 4). 
De PG 


Hence our assertion is proved if we take 


é 
l+t° 


Every physically defined process must be capable of description through 
functions which depend continuously on those initial conditions determining 
the process. If the solution of a boundary-value problem depends continuous- 
ly on the initial conditions, then one also says that the boundary-value problem 
is well set or the solution is stable. 

If this continuous dependence did not exist, there could be two essentially 
different processes corresponding to practically the same set of initial con- 
ditions (whose difference lies within the limits of the accuracy of measure- 
ment); that is, the solution would not be stable. It cannot be asserted that 
such processes are determined by the initial conditions (in a physical sense). 
From the above theorem, it follows that the vibrations of a string are deter- 
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mined not only mathematically but also physically by the initial conditions. 
We shall now consider such a problem in which the solution is not 
stable. The functions resulting as solutions of the Laplace equation 


Ur, + Uyy =9 
are defined uniquely by its initial conditions’® 


u(x, 0) = v(x) , u,(x, 0) = P(x). 
The functions 


w(x, y)=0 and u(x, y) == sin ax + cosh dy 


satisfy the Laplace equation. In u(x, y), 2 plays the role of a parameter. 
The initial conditions 


uP (x, 0) =0 ; u(x, 0) 2 v(x) = + sin Ax 


uy (x,0) =0, uy (x, 0) = g(x) =0 


differ arbitrarily little from each other for sufficiently large 2. On the other 
hand the solution «'”(x, y) for a fixed value of y can become arbitrarily large. 
Therefore, the problem with initial conditions for the Laplace equation is 
not well set. 

We note the following. Obviously, a function u(x,t) defined by 


xtat 


ole tab tole a) 1 oie 
a 


can only be a solution of Eq. (2-2.1) provided ¢(x) is once and g(x) is twice 
differentiable. Hence, it follows that the functions represented in Figures 


u(x,t) = 


x-al 


% x2 Ba x2 


FIG. 11. FIG. 12. 


11 and 12 cannot be solutions of Eq. (2-2.1) because they are not twice dif- 
ferentiable throughout. Beyond this, the assertion holds in that a solution of 
the wave equation does not exist which satisfies the initial conditions (2-2.2) 
when g(x) and ¢(x) do not possess the required derivatives. By repeating 


10 These conditions define uniquely the solution of the Laplace equation mathemati- 
cally. The origin of the function u,(x,0), is, of course, equivalent to the origin of the 
function v,(x,0), where u(x, v) is the harmonic function conjugate to u(x, y). Hence that 
analytic function of which the function u(x, y) is the real part is defined uniquely up to 
an arbitrary constant. (See §4-1, 4-5.) 
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the reasonings which led us to formula (2-2.9) we can show that from the 
existence of a solution of the wave equation its representation follows ac- 
cording to (2-2.9). If, however, g and ¢ are not a sufficient number of times 
differentiable, then (2-2.9) defines a function which does not satisfy Eq. (2-2.1), 
i.e., no solution to the problem exists. 

If, however, we change the initial conditions a little—replace them by 
differentiable functions g(x) and ¢(x)—then these new initial conditions cor- 
respond to a solution of Eq. (2-2.1). Moreover, it is still to be noted that 
according to the proof of the last theorem we have in fact proved the con- 
tinuous dependence of the functions g and ¢ defined by formula (2-2.9)— 
independent of whether these are or are not differentiable. If, therefore, 
certain functions g,% do not correspond to a solution of the wave equation 
which satisfies the conditions (2-2.2), then the functions defined by (2-2.9) are 
boundary values of the solutions of the wave equation with somewhat smoother 
initial conditions. 


4. Semi-infinite line and the method of continuation 


In the following we shall concern ourselves with the propagation of a 
wave along the semi-infinite line x 20. This problem plays an essential role 
in the investigation of the reflection of a wave at one end. 

Statement of the Problem: Find a solution of the wave equation 


Bux, = Un for O<x<0, ¢>0, 
which satisfies the boundary conditions 
u(O, t) = p(t) or u,(O, t) = v(2) 
and the initial conditions 
u(x,0) = g(x), u(x, 0) = P(x). 
Our first concern is the homogeneous boundary conditions 
u(0, t) = 0 or u,(0,t)=0, 


i.e., the propagation of the initial displacement of a string with a fixed end 

point x = 0 (or a free end point). 

For the solutions of the wave equation which are defined for the infinite 
straight line, the following two lemmas are valid. 

1. If the functions g(x) and ¢(x) occurring in the initial conditions with 
respect to any point x, are odd, the corresponding solution at this point 
is equal to zero. 

2. If the functions g(x) and g(x) occurring in the initial conditions are even 
with respect to any point x), then the derivative of the corresponding 
solution with respect to x at this point equals zero. 

Proof of the first lemma. We select x, as the origin of coordinates, i.e., 

%, = 0. The conditions on the function in question are odd; therefore we have 


g(x) =— o— x); Px)=— P(- x). 
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Consequently, for x =0, the function w(x, ¢) defined by (2-2.9) equals 


at 
(0, t) = (at) + (—at) ae al dada = 0; 


then the first summand vanishes, since y(x) is odd, whereas the second, the 
integral of an odd function within the limits shown, is symmetrical with 
respect to the origin and likewise is equal to zero. 
Proof of the second lemma. The conditions on the functions in question are 
even; therefore we have 

g(x) = o(— x); $(x) = f(— x). 
Now the derivative of an even function is odd, 1.e., 

g (x) =— g'(— x). 

Therefore, it follows from (2-2.9) that 


2,(0, t) = gi (at) + (= at) Es iat) — ¢(— at)} = 0; 


2 2a 
then the first term of the sum vanishes since g’(x) 1s odd and the second 
vanishes, since ¢(x) is even." ‘ 


With the help of these two lemmas the following problems can be solved: 
Find a solution of Eq. (2-2.1) which satisfies the inicial conditions 


u (x, 0) = y(x) 
u(x, 0) = P(x) ? 


and the boundary condition 


0O<x<@ (2-2.2) 


(0,7) =0 


(first boundary-value problem). 
The functions @(x) and ¥(x) defined by the relations 


bi g(x) for x>0 
— o(— x) for x <0 
W(x) = (x) for x>0 


— $(— x) for x <0 


are the odd continuations of g(x) and ¢(x). 
The function 


u(x,t) = ¥(a)da 


2 2a. 
defined with their help is defined for all x and ¢ > 0. According to the first 


M(x + at) + Ox — at) i 1 i 


z-al 


't These two lemmas are consequences of the fact that for even (or odd) initial con- 
ditions the function u(z, t), given by the formula of D’Alembert, for ¢ > 0 is likewise 
even (or odd); we leave the proof of this to the reader. Geometrically, one sees im- 
mediately that an odd continuous function, as well as the derivative of an even dif- 
ferentiable function, vanishes at z = 0. 
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lemma, there results 
u(0,t) =0. 
Moreover, u(x,t) for t=0 satisfies the initial conditions 
u(x, 0) = P(x) = ¢(x) 
u(x, 0) = V(x) = P(x), 
Consequently, the function u(x, f), which we should consider only for x > 0, 


t > 0, satisfies all the requirements of the given problem. 
With regard to our original functions, we have 


g(x + at) + v(x — at) = 1 i. 


u(x, t) = g(ajde for ¢ <= x>0 


2 2a x—at 
tat) —glat—x) | 1 en 
Se a Palda for t>~,x>0. 
2 2a at-—x a 


In the region ¢ < x/a the influence of the boundary conditions does not enter 
into the expression. For these values of ¢?, the expression z(x,t) coincides 
with the solution of (2-2.9) for the infinite straight line. 
We proceed in a corresponding way when a free end exists at the point 
x =0, 
u,{0,t)=0, 
and, in fact, we take the even continuations of g(x), and ¢(x) 
x for x>0 
O(x) = g(x) 
y(— x) for x <0 
x for x>0 
V(x) = f(x) 
d—x) for «<0. 


As a solution of the wave equation we then obtain 


we x+at 
ule) = MEE AE OE ay aya 


or 


= xrtat 
u(x,t) = (x + al) + (x — al) + we d(a)da for je 
x-at 


— g(x + at) + glat — x) 


2 
4 74 [Warde el wea. ee - eee 
2a 0 0 a 


This solution in the region x 20 satisfies the initial conditions (2-2.2) 
and the boundary condition 


u,(0,¢) =0. 


In the following we shall frequently have occasion to use the above ap- 
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plication of the method of continuation, even if the initial conditions are 

defined only for a finite subregion. We shall reiterate the results obtained 

in the two following rules: 

1. For the solution of a problem of a semi-infinite line with the boundary 
conditions (0,1) =0, the initial conditions are continued oddly along 
the entire axis. 

2. For the solution of a problem of a semi-infinite line with the boundary 
condition 2,(0, ¢) =0, the initial conditions are continued evenly along the 
entire axis. 

We shall consider two examples. Let the initial conditions be given on 
the semi-infinite line x 20 bounded by x =0 and different from 0 only in 
the interval 0 <a<x< 6. In this interval an initial displacement given by 
the function g(x) occurs, which is represented by an isosceles triangle, whereas 
d(x) =O. Wearrive at the solution of this problem if we continue the initial 
conditions oddly along the entire straight line. Figure 13 shows the course 
of the wave propagation. First the propagation proceeds as though both sides 
of the straight line were unbounded. The initial displacement is distributed 
on two waves which progress at a constant velocity with respect to the 


a“ 
lll 
Pili 
a“ ™ 
pe 
pail His fos, 
eas 
Za 
Eas 
—™S 


FIG. 13. 
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different sides. This continues as long as the half-wave propagating toward 
the left has not reached the point x=0 (Figure 13). When the half-wave 
reaches the point x = 0, where the corresponding process is taking place, a 
wave with opposite phase arises. Accordingly a reflection of two half-waves 
occurs at the fixed ends. Figure 13 shows the reflection process in its in- 
dividual stages. The resulting profile of the string is shortened, the dis- 
placement vanishes, after which a displacement (with a negative phase) begins 
again, and finally the reflected half-wave moves toward the right following 
the half-wave which likewise is prepagating toward the right. Consequently, 
the phase of the wave due to reflection of the wave changes its sign at the 
boundary point. 

For the investigation of the second example we shall assume that no- 
where on the semi-infinite line x = 0 bounded by x =O does an initial dis- 
placement occur, and further, that the initial velocity ¢(x) is different from 
0 only in an interval 0 < x,<x< x,. Hence ¢(x) =const. For the solution 
of this problem the initial conditions are continued oddly. Then the displace- 
ment is split into each of the intervals (x,, x.) and (—x,, —x.) which resemble 
the displacements represented in Figure 14. As seen from these figures, the 


u _ 727%" 
At=-a5 








FIG. 14. 


process proceeds for x > 0 as if it were initially on the infinite straight line. 
Accordingly, the reflection occurs at the fixed end, and finally a wave moves, 
whose profile in this case is an isosceles trapezoid with constant velocity 
toward the right. 

The investigation of the reflection at a free end proceeds analogously only 
if the initial conditions are continued evenly, so that the reflection of the 
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wave at the free end does not proceed with a changing phase but with the 
same phase. 
Finally, we shall consider problems with homogeneous boundary conditions 


u(0, t) = p(t) = 0 
or 
u,(0, t) = v(t) =0. 


In the general case of nonhomogeneous boundary conditions the solution 
can be written as a sum, each of whose terms satisfies only one of the stated 
conditions (either the boundary or the initial condition). 

We turn now to the solutions of differential equations with homogeneous 
initial conditions and prescribed boundary conditions. Let 


u(x,0)=0, a(x,0)=0, #(0, t) = w(t), t>0. 


Obviously such a boundary condition produces a wave which moves away 
from the string toward the right with the velocity a. This wave has the 
analytical form 


u(x,t) = f(x — at). 
The function f is defined by the boundary condition 
u(0, t) = f(— at) = pit). 
Then 


and therefore 





umn -*S)=fi-2) 


This function is defined, however, only for the region x — at <0 since p(t) 
is defined only for 20. In Figure 15 this region is shown as the shaded 
part of the phase plane. Now in order to determine #(x, ¢) for all the values 


LP 


FIG. 15. 
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of the argument, we define y(t) also for negative values of ¢ setting p(t) = 0 
for ¢<0. Then 


a 


u(x,t) = aC pee ) 


is defined for all values of the argument and satisfies the homogeneous initial 
conditions. 

The sum of these and function (2-2.12) defined earlier represent the solu- 
tion of the first boundary-value problem for the homogeneous wave equation: 


is es xtat 
2 2a jx-at a 
vere = xtat 
= o(¢ a = eae Sase i beaio aCteete Je | Wade for t>=. 
a 2 2a at--x 


(2-2.13) 

Analogously one can construct the solution of the second boundary-value 

problem. For the third boundary-value problem see page 61. We shall 

limit ourselves here to the solution of the boundary-value problem for the 

homogeneous wave equation. For the solution of the nonhomogeneous wave 
equation see page 6l. 


5. Problems for a bounded interval 


We shall take now a bounded interval (0,/) as a basis and begin our 
investigation with the search for the solution of 


2 
Ure = AU y 


which satisfies the boundary conditions 


(0, th= p(t) 
u(l, t) = p2l(t) ’ 
and the initial conditions 


uw (x, 0) = g(x) (Ses 


u(x, 0) = P(x) ’ 7 
Moreover, we shall consider introducing the case of homogeneous bound- 
ary conditions 
u(O, 7) = u(l,t) =O. 


For these we shall seek the solution by means of the method of continua- 
tion. Hence we construct the expression (Ansatz) 


P(x + at) + P(x — at) nm 1 ae 


u(x,t) = Viedda , 


2 ‘2a 
where the functions # and ¥ are still to be defined appropriately. First @ 
and 4 are determined only for the interval (0,/) by the boundary conditions 


x-at 


wu (x, 0) = P(x) = g(x) 
<x<l. 
u(x, 0) = V(x) = f(x) , tal 
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In order that now @(x) and ¥(x) satisfy the homogeneous boundary con- 
ditions, we require that ®(x) and ¥(x) be odd with respect to the point x = 0, 
x= 1, ie, 


Px) =— O(— x), P(x) =— O21 — x) 
V(x) =— ¥(— x), ¥(x) =— ¥(21— x). 
From these equations it follows that 
O(x') = D(x’ + 21), (x' =— x). 


A corresponding relation holds for ¥(x), i.e., ®@ and ¥ are periodic functions 
with a period of 21. 

Obviously the continuations of @(x) and ¥(x) are such that these func- 
tions will be odd and, moreover, periodic with respect to the origin of co- 
ordinates, and are defined on the entire straight line —coo <x <oo. By in- 
troducing these continuations into formula (2-2.9) we obtain the solution of 
the problem. 

Figure 16 combines the x,¢ phase plane and the x,w plane, in which the 
initial displacement and its continuations are included. In the phase plane 
the shaded strips represent the regions in which the displacement is different 
from zero (see Figure 7). The plus or minus Signs in the strips indicate the 





signs (the phase) of the displacement (in the form of an isosceles triangle). 
With the aid of this figure one can easily illustrate the profile of the string 
at any arbitrary time ¢. Thus one can recognize at time ¢ = 2//a a displace- 
ment which coincides with the original displacement. The function x(x, ¢) 
is therefore a periodic function of ¢ with period T = 2//a. 

We shall now consider the propagation of the boundary effects. For this 
purpose we shall seek the solution of the equation 


2 
ity = @ lly, 


with the homogeneous initial conditions 
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u(x, 0) = v(x) =0, u(x, 0) = d(x) =0 
and the boundary conditions 


u(0, t) = p(t) faa 


ui, t) =0. 
From the results of Section 4 it was shown that for ¢ < J/a the function 
ea x . _ u(t), t > 0 
t= a = 
u(x, t) at =) with A(t) 0.4<0 


is a solution. This function, however, does not satisfy the boundary condition 


u(l,t) =90 for tot. 


The reflected wave which propagates to the left and at x =? has a displace- 
ment of magnitude s(t — //a) is represented analytically by the equation 


ib) d) 
a a a a 


The difference between the two waves, i.e., 


Hi-3)-a-B9) 
a a a 


is then obviously a solution of the equation for ¢t < 2l/a. 
By repeating this process one obtains a solution in the form of the series 


‘ee x al? e, an -+)- > af 2nl +4), (2-2.14) 


a =1 a a 











This contains only a finite number of terms distinct from zero since the 
argument with each new reflection about 2//a is decreased whereas A(t) = 0 
for t <0. That the boundary conditions are satisfied we prove directly when 
we Set x =0 in (2-2.14). The summand for »=0 of the first sum is then 
equal to p(t), whereas the remaining terms of the first and second sums are 
cancelled pairwise for equal x values. Thus x(0,¢) = p(t). 

If we now replace nz by x — 1 and vary accordingly the summation limits, 
then the first sum reads 





Fie 2 2/ — 
Ea(t- nl i / ae 


a 
If we now set x =/, it can be seen directly that the summands of the first 


and second sums mutually cancel each other.” 
Formula (2-2.14) has a simple physical significance. First 


3) 


12 The initial conditions can likewise be proven directly, Since the arguments of all 
functions for ¢ = 0 are negative. 
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represents a wave caused by the effect of the boundary at x = 0, independent 
of the effect at the point x =/, as though it were an infinitely long string 
(0<x< oo). The remaining summands represent the successive reflections 
at the point x =/ (the second sum) and at the point x =0 (the first sum). 
Correspondingly, 
u(x,t) = at ae DE * as =) -> at aoe + ae =) 


n-0 nol a 


is the solution of the homogeneous equation with homogeneous initial con- 
ditions z(x,0) = 0, w,(x,0) =0 and the boundary conditions (0,7) =0, (J, ¢) 
= p(t). Here we shall not go further into the uniqueness proof and the proof 
of the continuous dependence of the solution on the initial and boundary 
conditions. 


6. Wave dispersion 
We have seen that the equation 
Ue = Ars 


of propagating waves has solutions of arbitrary form. On the basis of the 
class of partial differential equations, we ask which wave solutions are of 
arbitrary form. We shall limit ourselves, therefore, to the consideration of 
linear differential equations of the second order with constant coefficients, 


QyUxy + 20 oUt + Aootker + bu, -+ bot + cht = 0 7 (2-2.15) 


Our problem thus consists of constructing relationships between the coefficients 
which guarantee that the differential equation will be solved by functions of 
the form 


u(x,t) = f(x — at), (2-2.16) 


where f represents an arbitrary function and @ is a constant. 
By inserting (2-2.16) into (2-2.15) we obtain the linear differential equation 


f(x — at)lay, — 2aya + aya’) + f(x — at)[d, — ba] + cf(x — at) =0, 


that the wave profile must satisfy. For arbitrary / it is obviously solvable 
when all the coefficients are equal to zero: 


Ga— 24 ana = 0 
b, — b,.a = 0 (2-2.17) 
c=0. 


If the differential equation for waves has solutions of arbitrary form then 
we speak of a lack of wave dispersion. For this, it is necessary and sufficient 
that the conditions (2-2.17) be satisfied. 

From the first relationship follows the wave velocity: 


2 
an=@nt Vids = Gite 
22 
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Two velocities of wave propagation exist for hyperbolic differential 
equations (aj; — @,@2. > 0); the requirement for the fulfillment of all three 
relations for both values of a@ gives 


b,-—-b=c=—0. 


Consequently, a solution in the form of a propagating wave with two possible 
velocities exists only for an equation of the form 


Qy Ure + 2A. + Ut =O. (2-2.18) 
If doo #0 then (2-2.18) represents a wave equation in a moving coordinate 
system; that is, if we set 
f=x—7t, nt, 
we obtain the equation 
(Qi, — 2aio7y + Geox’ )etee + (2Q12— 2422 7)tlen + A22Umn = 0, 

which for 7 = @,2/@2. coincides with the equation of the vibrating string. 

In this case we have 

Unn = G" Ue 
with 
2 Giz — Qi1Gr 


a =——,—— _> 0. 
Q22 


For elliptic differential equations (ai: — @,,;@22. < 0), waves with real velo- 
cities as solutions are not possible. For parabolic differential equations 
(ai2 — Q1@22 = 0), Solutions in the form of waves with real velocities likewise 
are rejected. There is an exception in the case of Eq. (2-2.15), which de- 
generates into an ordinary differential equation. 

By taking into consideration that ay. = Wai: Wan, @ = Qy2/A22 = VAy1/A22 
and c=0, as well as the relation a = b,/b, = Vay;/a.., we obtain 


b — 
bu, + bout, = ayaa Qi, Uz +V Gort) : 
22 
The resulting equation can be written in the form 


(vane a a a Vang a7 a ae + ae (vag zo Ven5 a) =0 


and is reduced to the ordinary differential equation 


du du b 
— + 6— =0, b = — 
dé’ dé V ay 





when we introduce the new variables 
x=Vanié, t=Vané+7. 


There also exists the relation 
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d — oa —o 
dé =Vauz- AY thse ah 


Consequently, in this case every arbitrary function of the variables 





is a solution of the equation. Solutions in the form of propagating waves 
are thus possible for the simplest wave equations in a moving or nonmoving 
coordinate system. 

In physics the concept of wave dispersion is usually introduced some- 
what differently. 

Thus, consider a harmonic wave of the form 


u(x, t) = chek? | (3 


where w is the frequency, = 2z/4 is the wave number, and 2 is the wave 


length. 
The velocity with which the phase of the wave moves in space, 


a=ot—kx, 


is called the phase velocity and is obviously. equal to 


a= B 

One speaks of wave dispersion if the phase velocity of the harmonic wave 
is dependent on the frequency. 

An impulse or a signal of an arbitrary form can be represented by a 
superposition of harmonic waves of the form (*), that is, by a Fourier in- 
tegral. If the phase velocity depends on the frequency, the harmonic signals 
are displaced relative to each other so that a distorted signal appears. In 
this case the wave dispersion takes place in the sense of the definition on 
page 54, 

If the solution of the equation under consideration, which yields a wave 
of arbitrary form, can be inverted, the phase velocity can be determined from 
the first equation of (2-2.17) and thus does not depend on the frequency. 
The concept of wave dispersion in the sense of our definition therefore 
coincides with the property that the phase velocity depends on the frequency. 

We shall now determine the class of Eq. (2-2.15) which permit solutions 
in the form of damped waves 


u(x, t) = p(t) f(x — at), 


where y(t) is a function of ¢. 
We shall substitute this expression into Eq. (2.2.15) to obtain 


tS pltar — 2€,.a + Ay Q’) ste pmatCr = b,a)p + 212 — Ar. a)p’] 
oF S(cy! + by p + Ay. pt’) =0. 


Since f is arbitrary, the coefficients of f’’, f’, and f must be equal to zero. 
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The function p(t) thus satisfies an ordinary differential equation with con- 
stant coefficients and has the form 

_ eke. 
If we set the coefficients of the last equation equal to zero, then we obtain 
for the determination of a and & the relations 


Q,; — 2a,,a + aya*® =0 
(b, — b,a) — 2k(a,, — aa) = 9 (2-2.19) 
Qxk* —bk+c=0. 


By elimination of @ and & from (2-2.19) we obtain a condition for the compat- 
ibility of these three relations. The first equation shows that only the 
hyperbolic differential equation allows damped waves as solutions. The 
damping coefficient & is obtained from the second relation. Accordingly if 
we insert & into the third equation, we arrive at the following relation be- 
tween the coefficients: 


A(aie — A, Ae) + (a1 5 — 2412b,b, + Q22b}) =0. (2-2.20) 
If these are satisfied, solutions of the equation exist in the form of damped 


waves. 
Example: The ‘‘telegraphic’’ equation 


tex = CLuyn + (CR + LG), + GRu (2-2.21) 


does not permit a propagating wave as a solution if G or FR are different 
from zero. We shall investigate whether it has solutions in the form of 
damped waves. The velocity of the damped wave is given by the first equa- 
tion of (2-2.19), namely, 


1—a@CL=0. 
From the second equation, we obtain the damping coefficient 
pe CR+LG 
2CE 


The condition for the validity of Eq. (2-2.19) reads: 
4CLGR — (CR + LG) =— (CR— LG) =0 


or 


CR=1G. 


If these are satisfied, the damped wave 
e R G 
Jj=e" = aN = oe 
u(x,t) =e “f(x—at), k amt oc a 


where / is an arbitrary function, is a solution of Eq. (2-2.15). 

That no damping of the wave occurs with propagation in a cable is of 
special importance in telephonic propagation over great distances. If the signal 
can be propagated undamped, then by a corresponding reinforcement an un- 
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distorted reproduction of the acoustical effect can be obtained. The wave 
dispersion which occurs encroaches on the purity of reception independent 
of the quality of the telephonic apparatus. The dispersion phenomenon has 
a corresponding significance for telegraphy over great distances. 


7. The integral equation for waves 


As the starting point for the derivation of the differential equation of 
waves, Eq. (2-1.3) was used as the basis for the conservation of momentum. 
In order to go from this integral equation to a differential equation we 
assume the function a(x,t) to be twice differentiable. Every limitation on 
the class of functions under consideration naturally requires us to reject those 
functions which do not satisfy these requirements. Thus in going from the 
integral to the differential equation we exclude from consideration all of those 
functions which are not twice differentiable. 

To prove that a theory in the class of piecewise continuous differentiable 
functions can be developed, we start with the integral form of the wave 
equation 


20 / Ou Ou *2 Ou ou a Oe 
pall COR, pny (ck = —) —({ k— ad Fdéd 2-2.22 
‘I at ). ( at ), Joa NIC ax ), (2 ax ).J : ane G0 noes 


and cast it into the form 





| (o-ttax By dt) te | | Paxat =0, (2-2.23) 
Cc at x a 


7) 


where G is the region of the x,t plane bounded by the piecewise smooth 
curve C. For a homogeneous medium this relation assumes the form 








| (Geax atta) + || sardt=0, sae, (2-2.23") 
te\ at Ox eG p 
If C is the contour of a rectangle whose sides are parallel to the coordinate 
axes, then formulas (2-2.22) and (2-2.23) coincide. If C consists only of seg- 
ments parallel to the coordinate axes, then G can be written as the sum of 
rectangles. If we sum the boundary integral which corresponds to individual 
summands, we see that the summands belonging to the interior boundaries 
mutually cancel each other, since the sense of integration in each case is 
taken in the opposite sense. The remaining summands yield formula (2-2.23) 
directly. Further, C now contains an arc C which is not parallel to the axes 
on which the integrand has no point of discontinuity. Then in the plane 
we construct a system of squares with parallel axes and consider the set G* 
of squares of the net which have a point in common with G. Let C* be 
the boundary of G*. In G*, formula (2-2.23) is applicable. Finally, if we 
make an unlimited refinement of the net, then formula (2-2.23) holds exactly 
for the boundary curve C. . 

If we apply formula (2-2.23) to G* then the first summand consists of 
summands of the form 
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| O(x, thdx or | D(x, t)dt, 
C, Ch 
where (x, ¢) is a continuous function and C, is the arc of the boundary C™, 
which approximates C (Figure 17). 

Let ¢ = ¢,(x) be the equation of C, and ¢ =?(x) be the equation of C. 
Obviously then ¢,(x) converges uniformly towards ¢(x) and we can write 


b b 
lim | O[x, t,(x)|dx = | O[x, t(x)]dx , 


whereby passage to the limit is proven.’ 

If there exists an arc C on which functions to be integrated have dis- 
continuities, then formula (2-2.23) remains valid when we take for the value 
of the integrand its limit value as we approach the curve C from the interior 
of the region G. With this observation, the representation of (2-2.22) in the 
form of (2-2.23) also has been completely proven for this case. 


t 
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FIG. 17. FIG. 18. 


We shall consider now the following problems: 
Find a piecewise smooth function u(x, 4) defined on —0o < x <oo and which 
satisfies the equation 


| (Sas + at at) ae ({ f(x, thdxdt = 0 (2-2.23’) 
Cc at Ox G 


and the initial conditions 
u(x, 0) = ¢(x) 
its(x, 0) = P(x). 


Solution: Let g(x) be piecewise smooth and ¢(x) and f(x, ¢) be piecewise con- 
tinuous. C is an arbitrary piecewise smooth curve which lies in the region 
t>=0. We shall prove that this problem has a single solution which can 
also be determined by the D’Alembert formula. 

Let us assume that the function w(x,t) is a solution of our problem. 
Then we shall consider the triangle ABM, whose base lies on the x axis, 


13 Since dz = 0 at the vertical parts of the polygonal arc Cn, t = tn(z) represents 
in this formula the equation of a horizontal part of the polygonal arc C,. 
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whose upper vertex is the point M(x, t), and whose remaining sides have been 
formed from the corresponding segments of the characteristics x — at = const. 
and x +at=const. (Figure 18). Within this triangle we apply formula 
(2-2.23'). Since along AM the relation dx/dt =a is valid, it follows that 


Ou 2 Ou Ou Ou 
zy xta A a(Sra + st dx) adu 
Along MB, by contrast, dx/dt =—a is valid; we obtain, therefore, 


ou 2 OU ou ou 
ay aor e a( Star + = x)= adu 
Consequently, the integrand along the characteristics is a total differential, 


and by integration along BM and MA we immediately obtain 





\( La eva at) =a aN) = aiB)) 


a\ at “ax. 


[' (Stax + at Sat) = alu(A) —u(M)). 
a\ at ax 


Formula (2-2.23’) thus reads 


uM) = ee +5p\ "hax +3r| Faded 
A ABM 


zta(t—r) 


rt+aet t 
val S(E)dé + al ar| f(é, cde. 
2a jo 


x—at z-a(t-7T) 


(2-2.24) 


Consequently, the existence of a solution to our problem proves it is uniquely 
determined by the initial conditions. In the case of a homogeneous equation 
(f =0), Eq. (2-2.24) coincides with the D’Alembert formula. 

As one easily confirms, every function of the form 


t xta(t-7) 
u(x,t) = filx + at) + fala — at) + dc Al aide, 

0 xr-a ({-T) 
where /,, f. are piecewise smooth and f/f, is piecewise continuous, satisfies Eq. 
(2-2.22) and therefore also Eq. (2-2.23). The solutions of the problems con- 
sidered as examples in §2-4 are piecewise 
smooth functions and thus are accounted for f 
by the above theory. 

We shall now turn to the first boundary- 


value problem for the semi-infinite line and A 

seek a solution of Eq. (2-2.23) at a point 4 

M (x,t) for t > x/a, since in the region ¢t < x/a 

(outside the characteristic x = at) the influ- 
D A’ 


ence of the boundary conditions still does not 
enter into the phenomenon and the solution FIG. 19. 
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there is defined by formula (2-2.24). First we apply formula (2-2.23) to the 
quadrangle MAA’B. Here MA, MB, and AA’ are segments of the charac- 
teristics (Figure 19). By integration along MA, MB, and AA’ we obtain 


2au(M) = 2au(A) + au(B) — au(A') + i OU ae +\\ dxdt. 
A’ at MAA'B 


If we insert the coordinates of M, A,B, and A’ there finally results 


u(x + at,0) — u(at — x, 0) 
2 


skat t xtalt—7) 
1 (24) dx + as f(E, dé 


24 Nava OF reo 2a So [z—a (t—r) | 


u(x,t) = n(0, t— <=) + 
a 


or 


= _ * g(x + at) — gat — x) Z| 
u(x,t) = a(t 2) 4 5 +5-| Heide 


1 t xta(t—r) x 
+ oa ar| F(é, cdg, i>, (2-2.25) 
2a 0 |x—a (t—7)] a 


For f=0, this formula, as is easily seen, coincides with formula (2-2.13). 
Similarly, one obtains the solution of the second boundary-value problem, 
as well as the solution of problems for a bounded interval. 

For the investigation of the first boundary-value problem we saw pre- 
scribing both the initial conditions 


w(x,0) = (x), u(x, 0) = P(x) 
and the boundary condition 
u(0, t) = p(t) 


was sufficient for the complete determination of the solution. Hence it follows 
that a relation must exist which connects the functions 9g, ¢, p,» with v(t) = 
u,(0, ¢). If we differentiate (2-2.25) with respect to x and set x =0, we get 


Ze =(qat) —{p!(t) — ap'(at)}} , (2-2.26) 


where for simplicity we have set f=0. With the relation (2-2.26), for ex- 
ample, the third boundary-value problem can be reduced to the first. 


8. Distribution of the points of discontinuity along the charac- 
teristics 

In the following, we will be concerned with the points of discontinuity 

of the first kind in the derivatives of the solution of Eq. (2-2.23). We shall 


prove that the points of discontinuity of a function u(x, t), which is a solution 
of (2-2.23), can only lie along the characteristics 


x — at =const. x + at =const. 
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Let us assume that a differentiable curve 
x = x(t) 


exists, on which the derivative of the con- 
tinuous piecewise smooth function z¢(x, tf) 
possesses a point of discontinuity. For con- 
venience of calculation we shall assume x(¢) 
to be a monotone increasing function. Then 
we apply formula (2-2.23’) to the quadrangle 
FIG. 20. ABCD (Figure 20): 


Out 2 Ou 2 Ou 
ALL eee Seat) + +| (Stax xa sat) =0 
or at DOC-CB at 


and also along the curvilinear triangle 4, = BAD and 4, = BDC: 


2 Ou ou wl 2 Ou 
= =0, 
Nl gy at pre Srtt)+ |, ee ot 8 Ox se) at = 


ou ou ou 
CL ee Stat) — | (+ he a) at = ay 
ee at ag pa\ at ear Ox 


where the parentheses ( ), and ( ), will indicate that the corresponding limit 
values are taken from the interior of 4, or 4, respectively. By subtraction 
of the first equation from the sum of the last two equations we obtain 


ou; 2 OU ou, 2 Ou 
ee ed actee Pac —0 
| atl re =a ie (gee ryt 


or, since DB was chosen arbitrarily, 


ce Pee Bc : 
ark’ + e[s¢]=°- (2-2.27) 


The square brackets indicate here, as is usual, the magnitude of the jump 
of the function, i.e., 





[lahn-h.- 


We now form the derivative of the function z(x,¢) with respect to ¢ 


d — (24 (ou ee 
gtletths D = (Ge) a + (SE), aoe 


Therefore, we can choose both the value of the derivatives and the limit 
values corresponding to 4, and 4, (taken from the interior). The difference 
of the right sides for i=1 and 7=2 is 


fe] (8)- 
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If we equate this equation with (2-2.27) and assume at least one of the jumps 
[du/dt}, [du/dx} to be different from zero, we see that both equations are simul- 
taneously satisfied if the determinant of the system vanishes: 


, 2 
x a 
U 


i =(x/—a=0 








or 


x = +at-+ const. 


Consequently the points of discontinuity of the derivatives of a function 
u(x,t) which is a solution of the wave equation lie along the characteristics. 


Problems 


1. Construct a profile of a string at different times for the following cases: 
(a) The unbounded string 
(1) The initial velocity is equal to zero [¢(x) 
= 0}, while the initial profile of the string is 
given as in Figure 21. 
(2) The initial displacement is equal to zero 
x while the initial velocity of an element (x,, x2) 
of the string possesses a constant value u,(x, 0) 
FIG. 21. and outside of the latter is equal to zero. 
(3) The initial conditions have the form 





p(x) = 0; f(x) =0 for x<c 
= sre — x) for c <x < 2c 
=0 for x > 2c. 


(b) The one-sided bounded string 
(4) The initial velocity is equal to zero [¢(x) = 0] while the initial dis- 
placement has the form of the triangle given in Figure 21. One end 
of the string is assumed to be fixed. 
(5) As in (4), but for a free end x =0. 
(6) The initial conditions read 


g(x) =0, f(x) =0 for0O<x<e 
= ¢) = const. forc<x< 2c 
=0 for x > 2c 


and the end x = 0 is assumed to be fixed. 
(7) As in (6), but again fora freeend x=0. The string profile is in- 
dicated for all the problems (1) through (7) at the times 
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They are in the x,¢ phase plane, which is interpreted for the zones 

corresponding to the different states. 
2. Find the solution of 1(1) for all values of x and ¢ (thus the formula 
representing z(x,¢) which differs for the different zones of the phase plane). 
3. Determine the displacement ata point (xo, to) by using the x, ¢ phase plane 
and the x, « plane in which (Figure 21) an initial displacement (¢ = 0) is given 
for an unbounded string and also for a semi-infinite string with a fixed (or 
a free) end. 
4. At one end of a long cylindrical tube filled with gas there is a piston 
which moves according to an arbitrary law x = f(t) with the velocity v= 
f'(t) <a. The initial displacement and the initial velocity of the gas particles 
are equal to zero. Find the displacement of the gas at the plane with co- 
ordinate x. In this case assume that the piston moves with a constant velocity 
c¢ <a. What can be said about the solution of the problem if the piston at 
a certain time has a velocity v > a? 
5. A wave u(x,t) = f(x — at) propagates along an unbounded string. Choose 
the condition of the string at the time ¢ = 0 as the initial condition and then 
solve the wave equation with the corresponding initial conditions; compare 
with problem 1(1). 
6. By joining two elastic rods with the characteristics 


k,, Pi, A= Ry for x <0 
1 

ko, Po, Q= Re for x > 0 
Pe 


at point x =0, an elastic infinitely long rod is obtained. 
(a) In the region x <0 a wave 


u(x, t) = s(t -+) 


is prescribed where / is the given function. Find the reflection and trans- 
mission coefficients that are due to the passage of the wave at the boundary 
(x =0). Investigate the conditions under which no reflection of the wave 
occurs. 
(b) Solve the corresponding problem when the local initial displacement 
u(x,0) =0 for x < x, 

= (x) for 4,<x<%*x,<0 

=0 for x > x2 
is given and the initial velocity is equal to zero. 


7. At any point x= x) of a string hangs a weight of mass M, and in the 
region x < 0 the wave 


u(x, t) =s(¢ _ =) 


is prescribed. Determine the transmission and the reflection of the wave. 
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8. At one end (x =0) of a semi-infinite tube (x > 0) filled with an ideal gas, 
there is a freely moving piston of mass M. At time ¢ =0 the piston acquires 
an initial velocity v. by an impulse. Find the path of the wave propagation 
in the gas when it is known that the initial displacement and the initial 
velocity of the gas particles are equal to zero. Consider the solution of the 
wave equation for x > 0. Also use the boundary condition 


Mu:..(0, t) =F Srpou.(0, t) , 


where p, is the initial gas pressure, S is the area of the cross section of 
the tube, y =c,/c,, and the initial conditions at the boundary are x(0, 0) = 


0, (0,0) = 0. 
Solution: 
_ aMvo (y¥pgS/Ma2)(x-at) 
Ge op gale $ } for x—at <0 
TPo 
u(x,t) =0 for x—at>0O. 


9. An infinite string, which at point x =0 has a concentrated mass M, is 
in a state of equilibrium. At the initial moment ¢ = 0, the center of gravity 
of the mass M acquires by an impulse an initial velocity v.. Prove that the 
string at time ¢ > 0 has the form shown in Figure 22 where u(x,t) and u(x, t) 
are defined by 











Mav (2T/Mfa2) (x—at) 
6 ae a *fl—e ) for x—at<0 
direct wave: ; 2T 
=0 for x —at>0O 
u(x,t) = eats [Lag teenie te). for x at <0 
reflected wave: 2T 
=0 for x-—at>0O. 
Use the conditions 
au, Outs Ou, Oly 
— = T—(0, t) = T— (0, ¢). 
M. aE (0, t) M3 (0, £) ax ) ax | ) 


10. Solve the problem of the propagation of electrical vibrations in an un- 
bounded conductor with the condition 


c 
C 


tr] 2p 
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and with arbitrary initial conditions. 
Solution: 


u(x, t) =e /'[o(x — at) + p(x + at)] 
: = c —(R/L)t = ar 
i(x,t) = / [y(x — at) — g(x + at)]. 
If 
i . = TC: 
v(x,0)= f(x) = i(x, 0) = f SF) : 


then the following holds: 


oz = LOAF yyy = Ld Fe 
11. Find the solution of the integral wave equation for a semi-infinite string 
when the boundary conditions prescribed are of the third kind. 
12. A membrane is fastened at the end x = 0 of a semi-infinite spring. It 
is undergoing resistance due to the longitudinal vibrations of the spring and 
is proportional to the velocity ,(0,¢). Investigate the course of vibrations 
if the initial displacement is known and u,(x, 0) = ¢(x) = 0. 


2-3. SEPARATION OF VARIABLES 


1. The free vibrations of a string 


The method of separation of variables, also called the Fourier method, 
is one of the best-known methods for the solution of partial differential equa- 
tions. We shall investigate this method using as an example the vibrations 
of a string fastened at both ends. We shall discuss the problem in detail 
and then refer to the investigations which follow without repeating the in- 
dividual proofs. 

First, we seek a solution of the equation 


ee = Aun, (2-3.1) 
which satisfies the homogeneous boundary conditions 
u(0,t)=0, u(l,t) =0, (2-3.2) 
and the initial conditions 
u(x,0) = gfx), u(x,0) = W(x). (2-3.3) 


The differential Eq. (2-3.1) is linear and homogeneous. Hence the sum of 
individual solutions again is a solution of this equation. Accordingly, when 
we have a sufficient number of individual solutions, the desired solution is 
obtained by summing the individual solutions when each solution is multi- 
plied by a suitable coefficient. . 
For this purpose we shall consider the following fundamental lemma: 
Find a solution of (2-3.1), which does not vanish identically, which satisfies 
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the homogeneous boundary conditions (2-3.2), and which is represented in the 
form of a product 


u(x,t) = X{(x)T it), (2-3.4) 


where X(x) is a function of x alone and T(t) is a function of ¢ alone. 
By inserting expression (2-3.4) into Eq. (2-3.1) we obtain 


X"T = 47''X (2-3.5) 


or, after dividing by XT, 
X'"(x) 1 TAD 
2 


X(x) aT (2) 

Thus, if the function defined by (2-3.4) is a solution of (2-3.1), Eqs. (2-3.5) 
and (2-3.6) must be identical, i.e., for all values of x, such that 0<x<1,?>0. 
The right side of (2-3.6) is a function of ¢ alone, while the left side is de- 
pendent only on x. If, for example, x is fixed and ¢ changes (or conversely), 
we see that the right and the left sides of (2-3.6), for changes in their argu- 
ments, remain constant: 








(2-3.6) 





ets Ae oie eee 3.7 
X (x) a Tit) A en) 


where 4 is a constant which for the following investigations is appropriately 
marked with a minus sign. Nothing will be assumed about the sign of 4. 

From the relation (2-3.7) we then obtain for the determination of X (x) 
and 7(¢) the ordinary differential equations 


X"(x) + AX (x) = 0 (2-3.8) 
T(t) + @AT(t) = 0. 
The boundary conditions (2-3.2) yield 
u(0, t) = X(0)T(t) = 0 
u(l, t) = X(1)T(t) = 0. 
Hence it follows that X(x) must satisfy the auxiliary conditions 
X(0) = X(l) = 0 (2-3.10) 
while in particular if 
T(t) =0 and u(x,t) =0 


we could still find a nontrivial solution. For T(¢), no auxiliary conditions 
are prescribed. 

Consequently we are led to the relation for the determination of the 
function X(x) for the simplest eigenvalue problem: 

Determine the values of 42 for which a nontrivial solution of the problem 


> Gaeeee ? ani ie X(0) = X(I) = 0 (2-3.11) 


exists and find the corresponding solutions. The 4 value for which a solution 
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exists is called an eigenvalue, and the corresponding solutions are called 
eigenfunctions. The problem just formulated is a special case of a Sturm- 
Liouville eigenvalue problem. 
In the following considerations we will distinguish between three cases: 
1. For 4 <0, the problem possesses no nontrivial solution. The general 
solution of this equation has the form 


X(xyh HC" + Ce, 
while the boundary conditions are 
X(01)=C,+C,=0, 
X=Cre*+Ce*=0, a=l/—i2, 


C.=-—C, and C,e*—e”)=0. 
Since now a@ for 4 < 0 is real and positive, we have e*—e” #0. Thus 
Ce=0; C,=0 
and 
X(x)=0. ; 


2. For 4=0 likewise, no nontrivial solutions exist, since here the general 
solution is 


X(x)=ax+b, 
while the boundary conditions are 
X (0) = [ax + bj.a2p = b=0, 
My Sal = 0°; 
j.e., @=0 and 6=0; thus 
X(x)=0. 


3. For 24> 0, the general solution possesses imaginary exponents and 
therefore can be represented in the form 


X (x) = D, cos Vax + Dy sin Vax. 
The boundary conditions are 
X(0) = D, =0 
X(l) = D,sinVal=0. 
If X(x) does not vanish identically, then D, # 0 so that 
sin Val = 0 (2-3.12) 


or 
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where # is an arbitrary integer. A nontrivial solution is therefore possible 
only for the values 


These eigenvalues correspond to the eigenfunctions 
Xx) = D,sin nae : 


Hence for those values of 4 which equal 


2 
ue (=) (2-3.13) 
there exist only the nontrivial solutions 
X,(x) = sin pe ; (2.3.14) 


which, except for arbitrary factors which we have set equal to unity in (2-3.14) 
throughout, are determined uniquely. The solutions of Eq. (2-3.9) corre- 
sponding to these 4 values are 
T(t) =A, 2cos "at + B, sin “rat , (2-3.15) 
where A, and B, are coefficients yet to be defined. 
With regard to the three problems above, we know that the functions 


n(x, t) = X,(x)T.(t) = (4, cos rat + B, sin at) sin ra (2-3.16) 


are specific solutions of Eq. (2-3.1) which satisfy the boundary conditions 
(2-3.2). They can be described by (2-3.4) as the product of two functions, of 
which one is dependent only on x and the other only on ¢. These solutions 
must satisfy the initial conditions (2-3.3) of our original problem only for 
prescribed functions g(x) and ¢(x) 

We turn now to the solution of the problem in the general case. Because 
of the linearity and homogeneity of (2-3.1) the sum of the particular solutions 


u(x,t) = Dux, t)= > (Ax cos-Ftat + B, sin at) sin ae (2-3.17) 
n=l n--1 
if it converges and is twice differentiable with respect to x and ¢, term by 
term, likewise satisfies this equation and the boundary conditions (2-3.2). 
We shall treat this question in greater detail later (see Section 2-3 § 3). The 
initial conditions yield 


TI 


u(x, 0) = g(x) = 5 un(x,0) = = A,sin —x 


n=l l 
u(x, 0) = $(x) = 5 a 0) = x a aB, sin ae. 
n=l n=l 


(2-3.18) 
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From the theory of Fourier series it is now known that an arbitrary piece- 
wise continuous and piecewise differentiable function f(x), which is defined 
in an interval 0S x </, can be developed in a Fourier series 


f(x) = ¥ basin ae (2-3.19) 
n=l 
where"* 
Bea . oan 
=+)\ /f()sin—€dé . (2-3.20) 
Ll jy l 
If v(x) and ¢(x) can be developed in a Fourier series, we obtain 
wo t 
g(x) = Y yasin =e ~ = =| y(é) sin rede (2-3.21) 
n=l 0 
3; t 
f(x) = 2 on sin ae gn = =| ¢(€) sin ar ede . (2-3.22) 
ne, 0 


Comparison of these series with Eq. (2-3.18) shows that in order to satisfy 
the initial equations we must set 


A,= Yrs Bia= at . (2-3.23) 
Ta 

Hence the function (2-3.17) which gives the solution to the problem under 
consideration is defined completely. 

The solution can be determined in the form of an infinite series (2-3.17). 
If, however, series (2-3.17) diverges or the function determined by this series 
is not differentiable, then, of course, it is not the solution of our differential 
equation. 

We shall limit ourselves at this point to the formal construction of the 
solution. The conditions under which the series (2-3.17) converges and rep- 
resents a solution will be investigated in Section (2-3.3). 


14 Usually one considers the periodic functions of period 21 


F(2)= a + 3 (a. cos EL + b, sin 2) : 
2 n=l l l 


1 1 
an = +\_ Fe cos “rede, r= +h, F(é)sin— Sade ; 


If F(x) is odd then a, = 0; thus 
F(x) = ¥ basin He, 

n=l 

1 


: Bate eM ts 
b= |_Pesin Reds =| Fe sin Teas, 


If F(x) is defined only in an interval (0,1) then F(x) can be continued oddly and developed 
in the interval from —1 to +l. This then leads to formulas (2-3.19) and (2-3.20). 
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2. Interpretation of the solution 


We shall turn now to the interpretation of the solution obtained. The 
function u,(x, ¢) can be written in the form 


un(x,t) = (4, cos Svat + Br sin “at sin at 





= a, COS arate + 8,) sin ae (2-3.24) 

with 
ee a eer rH 2 B, = 
age VAL AOR oe —Sarctg >. (2-3.25) 


n 


Each point x, of the string describes a harmonic vibration 


mn 
0 
l 





Un(Xo, t) = an COS alt + 6,) Sin 
with the amplitude 
mM 


a, Sin ~*e 5 


Each such motion of a string is designated as a standing wave. The point 


x= m(l/n), where m= 1,2,---,w —1, in which sin (xn/l)x = 0, remains fixed 
in the course of the entire process and is called a node of the standing wave. 
By contrast the point x = (2m+ 1)/2n, where m=0,1,---,#—1, in which 


Sin (xuz/l)x = +1, vibrates with the maximum amplitude a,. One designates 
this as the maximum of the standing wave. 


The profile of the standing wave is described for arbitrary ¢ by 


u,(x, t) = C,(t) sin ae : 
Thus 


C,{t) = acos w(t + On) P On, = apt 


When cos@,(?+6,)=+1 at the time ¢, the displacement reaches its maxi- 
mum value when the velocity equals zero. By contrast the displacement for 
those ¢ values for which cos@,(f+6,)=0 is valid equals zero but the 
velocity is maximum. The frequencies of vibration of all points of the string 
coincide and have the values 


ace a ; (2-3.26) 


The frequencies w, are called the eigenfrequencies of the vibrating string. 
For a transverse vibrating string a° = T/p, and accordingly 
On = rillaay oS : (2-3.27) 
e 
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The energy of the mth standing wave (the mth harmonic) for a transverse 
vibrating string equals 


1¢ Aun \? Attn \” 
E,=> 2) 47/24 
Lear) + Ge) 
I 








2 2 

= S| [ox sin’ w,(f + 6,) sin’ ae oe T(**) cos’ w,(t + 6,) cos” Se ax 
0 

2 2 

= Fp eo sin’ w,(f + 6,) + r(=) cos’ w,(t +54) (2-3.28) 
and 
l t 
| sin’ edx = | cost = dx =5 : 


By using the expressions for am and w, as well as the relation T = a’p, we 
obtain 


fie Pets ayy cB (2-3.29) 
4 4 
with M = lp, the mass of the string. 

The vibrations of a string can usually be observed acoustically. Without 
going into the process of wave propagation in air and the observation of 
sound vibrations by ear we can say that the acoustical effect of a string is 
composed of simple tones. The splitting into simple tones is not only a 
mathematical operation; it can also be observed with the help of resonators. 

The pitch of a tone depends on the frequency of the vibration corre- 
sponding to this tone. The strength of the tone, by contrast, is dependent 
on its energy, i.e. on its amplitude. The lowest tone which the string pro- 
duces is determined by the lowest natural frequency, #, = (z/l)(\/T/p), and is 
called the basic tone of the string. The rest of the tones whose frequencies 
are multiples of w, are called overtones of the string. The tone color, finally, 
is obtained from the presence of the overtones in addition to the basic tone 
and the distribution of the energy of the individual overtones. 

The lowest tone of a string and its tone color are dependent on the ex- 
citation of the string. The type of excitation is defined namely by the initial 
conditions 


u(x, 0) = ox), u(x, 0) = f(x), (2-3.3) 


and these determine in turn the coefficients A, and B,. If A, = B,=0, the 
lowest tone is that one which corresponds to the frequency w, where » is 
the smallest number for which A, or &, is different from zero. 

Usually a string produces one and the same tone. In order to under- 
stand this, we start a string vibrating by striking it on one side, and neglect 
the initial velocity. Then 


u(x,0)=0, u(x, 0) = g(x) > 0 


and 
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L 


A, =4\ y(é) sin —£dé > 0 
ae i 
because 
sin ras (0; 


The resulting coefficients are generally significantly smaller than A,, 
since the function sin (xw/l)€ for n = 2 changes its sign. If g(x) is in parti- 
cular symmetrical with respect to the center of the interval, then A, =0. 

Consequently the lowest tone of a string which is set to vibrating by 
one-sided impulses, g(x) > 0, is just that tone whose energy is in general larger 
than the energies of the other harmonics. 

A string can also execute other types of vibration. For example, if the 
function g(x), occurring in the initial conditions with respect to the center 
of the interval, is odd, then 


A, — 0 ’ 
and the lowest tone corresponding to the frequency 
o=oa,= ie ae 
p 


is obtained. If a tuning string is contacted exactly in the middle, then it 
vibrates an octave higher than its natural tone with changing tone color. 
This type of tone conversion is often used in playing violins, guitars, and 
other string instruments. The tones thus produced are called flageolet tones. 
From the standpoint of the theory of a vibrating string this phenomenon is 
completely understandable. At the moment in which the string touches ex- 
actly in the middle, those standing waves having displacement at this point 
are extinguished, and only those waves remain which possess a node at the 
point of contact. Thus, only the even harmonics remain, so that the lowest 


frequency is 
Qn jz 
a, = ae 
LV pe 


If the string (0, 2) is touched at the point x = 2/3, it increases the pitch of 
the basic tones threefold, since here only those harmonics whose nodes lie 
at the point x =1/3 remain. The formula 


ges T or 1= Bos 21 jz (2-3.30) 
p p wy T 


for the frequency or the period of the basic vibration explains the following 
rules which were first found experimentally. (1) For strings of uniform 
density and uniform tension, the vibration period is proportional to the 
length of the string. (2) In a prescribed length of string, the period is 
inversely proportional to the square root of the tension. (3) For prescribed 
lengths and tension, the period is proportional to the square root of the linear 
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density of the string. These three can be easily demonstrated in a monocord. 

In this section the existence of standing waves by the vibrations of a 
string with fixed ends is demonstrated. It must still be mentioned that the 
existence of solutions of the form 


u(x,t) = X(x)T (2) 


is equivalent to the existence of standing waves, since the profiles of such 
a solution at different times are proportional to each other. 


3. Description of arbitrary vibrations by superposition of stand- 


ing waves 


Earlier, in Section 2-3§1, we treated the free vibrations of a string fixed 
at the ends. There we proved the existence of special solutions in the form 
of standing waves and presented a formal scheme for the representation of 
an arbitrary vibration as an infinite sum of the standing waves. We shall 
prove in this section that such a representation is possible. First of all, a 
generalization of the superposition principle, known for finite sums, will be 
applied to infinite series. 

Let L(w) be a linear differential operator. This means that L(z), that is, 
L applied to a function uw, is equal to the sum of the corresponding deriva- 
tives of the function « with coefficients which are independent of wu. There- 
fore, both ordinary as well as partial derivatives are admissible. 


Lemma (generalized superposition principal): If the functions w#; (i=1,2,+--) 
are separately solutions of a linear and homogeneous differential equation 


L(u) = 0, then the series « = > Cy; is likewise a solution of the differential 
i-1 


equation, provided the derivatives of « appearing in L(z) can be differentiated 


termwise. 
Thus, if the derivatives of wu occurring in L(z) =0 can be differentiated 


termwise, we have 
n o ~ 
ao oe oem 
ox” at it ~=Ox™al 


and because of the linearity of the equation we can write 
L(u) = LCS Cans) = 5 CiL(ui) = 0, 
aol tol 


since a convergent series can be added termwise. Ilence it is shown that z 
satisfies the differential equation. As a sufficient condition for the termwise 
differentiability, we shall use the uniform convergence of the series’® 


ba O's: 
Oar ‘ (2-3.31) 


We return now to our boundary-value problem. First we have to prove 
the continuity of the function 


15 See V.I. Smirnov, Textbook of Higher Mathematics, 2d ed., Part II, Berlin, 1958. 
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u(x, t) =F ualx, ty= 5 (A. cos “rat + B, sin j hat) si sin ae (2-3.32) 


From this it then follows that u(x, ¢) depends continuously on the correspond- 
ing initial and boundary conditions. Here it is sufficient to prove the uniform 
convergence of the series which represents the function z(x,¢), since the 
general term of the series is a continuous function, and a uniformly conver- 
gent series of continuous functions represents a continuous function. There- 
fore we can proceed as follows: From the well-known inequality 


lun(x,é)| S| Anal +1 Bil 


we conclude that the series 


¥ (Anl +1 Bal (2-3.33) 


is a majorant of the series (2-3.32). If the series (2-3.33) converges, then the 
series (2-3.32) converges uniformly, and u(x, ¢) is continuous. 

Furthermore, in order to see that u,(x,¢) depends continuously on the 
initial conditions, the continuity of this function must be demonstrated; there- 
fore, it is sufficient to prove the uniform convergence of the series 





u(x, t) ~ > OUn _ z a(— A, sin “rat + B, cos at) sin sr (2-3.34) 


or the simple convergence of the majorant series 
SF n(| Anl + Bal). (2-3.35) 


Finally, in order to show that the function u(x,¢) is an integral of the 
differential equation, it is sufficient to show by the use of the generalized 
superposition principle that the scries representing u(x, ¢) is twice differenti- 
able termwise, which suffices for the proof of the uniform convergence of 
the series 


Uns™ 2 = =~ i yen (4. Cos at + Be »sin Fat) si ae 








= -(# ] 2) 5 pS n (A. cos arat + B, sin at) sin ae 


This corresponds within constant factors to the common majorant 


Ent (| An| +1 Bel). (2-3.36) 


Since 





where 


t ! 
po Fl ola)sinxde, de =F He) sin Fade, 
0 


0 
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our problem is solved, as soon as the convergence of the series 


Tn'lol, &k=0,1,2 
nee (2-3.37) 


Sn'ldal, k=—1,0,1 
n=l 


is demonstrated. 

To demonstrate the convergence of (2-3.37) we uSe some well-known pro- 
perties of Fourier series."® 

If a periodic function F(x) with period 2/ possesses continuous derivatives 
up to and including the Ath order, while the (k + 1)th derivative is only 
piecewise continuous, then the series 


E nX(lan| + 15a!) (2-3.38) 


converges, where a, and 6, are the Fourier coefficients. If we are dealing 
with development of a function f(x), which is given only in the interval 
(0,27), in a series with respect to the functions in sin (z2/l)x, we require that 
the conditions stated above hold for the odd continuation F(x) of the func- 
tion f(x) in order to guarantee the convergence of this series. Further for 
the continuity of F(x) it is necessary that (0) =0, since otherwise a dis- 
continuity in the odd continuation would appear at the point x = 0; accord- 
ingly, /() must also equal zero at the point x =/, since the continued func- 
tion is continuous and has a period equal to 2/. The continuity of the first 
derivative at x =0, x =J, follows automatically for the odd continuation. 
In general, we must require that the even derivatives of the continued func- 
tion satisfy 

f"oO=f"HY=0, k=0,2,4,---, 20, (2-3.39) 


while for the continuity of the odd derivatives no auxiliary conditions are 
imposed. 
For the convergence of the series 


Taig, k=0,1,2 


it is sufficient to require that the initial displacement g(x) satisfy the follow- 
ing requirements: 

Condition 1. The derivatives of g(x) are continuous up to and including 
the second order, the third derivative is piecewise continuous, and moreover 


g(0) = gl) =0, gp (0) =9' (lI) =0. (2-3.40) 


For the convergence of the series 
La lonal, k=—1,0,1 
n=1 


we require that the initial velocity ¢(x) satisfy: 


18 Jbid., cf. footnote 14, 
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Condition 2. The function ¢(x) is continuously differentiable and possesses 
a piecewise continuous second derivative, and 


gO) = gl) =0. (2-3.41) 


In summary, we have demonstrated that an arbitrary wave u(x, t) can be 
represented by the superposition of standing waves if the functions g(x) and 
(x) occurring in the initial conditions satisfy Conditions 1 and 2. Conditions 
1 and 2 are sufficient for the method of proof used here. 

An analogous problem was solved in Section 2-2§5 with the help of the 
method of wave propagation, and the solution was given by 

_ Wx — at) + O(x + al) 1 i 


u(x, ¢) a. aia 7: 


5 Fada , (2-3.42) 


x_at 

where # and ¥ are the odd continuations with respect to 0 and 7 of the 
prescribed initial funetions (x) and ¢(x) defined in the interval (0,2). The 
functions % and ¥ are, as shown, periodic functions of period 2/ and there- 
fore can be represented by the series 


Px) = 2 Yr sin a » F(x)=> gy sin—x , 


where ¢, and ¢, are respectively the Fourier coefficients of the functions 
g(x) and g(x). By insertion of this series in (2-3.42) we obtain, with the aid 
of the corresponding addition theorem for the trigonometric functions, 


~” 


u(x,f= > (v. cos hat + 





J, sin mat) sinzx, (23.43) 
nod THA l l 
which is exactly the representation given by the method of separation of 
variables, 
Formula (2-3.43) therefore is valid under the same assumptions as (2-3.42) 
(see Section 2-3§1), which was derived under the conditions that @(x) is twice 
and ¥(x) is once continuously differentiable, 
With regard to the functions g(x) and ¢(x), besides the differentiability 


conditions we still require that the following be satisfied: 
~pPOI=PH=0, POH=PH)N=0, oO =P") =0. (2-3.44) 


Thus Conditions 1 and 2 from the method of proof, while sufficient for 
the exact foundation of the method of separation of variables, depend on and 
contain additional conditions, in comparison with conditions which guarantee 
the existence of the solution, 

For the foundation of the representation of the solution by a superposi- 
tion of standing waves, we used the first method for the proof of the con- 
vergence of the series, since it did not depend on the special form of solu- 
tion (2-3.42), which is applicable only for the solution of the simplest vibra- 
tion problems. Furthermore, this method is carried over without difficulty 
to a series of other problems, although more stringent requirements are 
imposed on the initial functions. 
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4. Inhomogeneous equations 


We shall now consider the inhomogeneous wave equation 


Un = AU, + f(x, 0b), re Oo xr< 1; (2-3.45) 
pP 
with the initial conditions 
u“ (x, 0) => v(x) < x < 1 ; (2-3.46) 
u(x, 0) = P(x) 
and the homogeneous boundary conditions 
u(0, t) = 0 i220. (2-3.47) 
u(l, tf) =0 
We shall represent its solution as a Fourier series with respect to x: 
u(x, f= 3 u(t) sin os : (2-3.48) 
n=l 


in which ¢ is considered as a parameter. For the determination of w(x, t) we 
must determine u,(f). The function f(x, f) and the initial conditions likewise 
can be written aS a Fourier series: 


fx =Thlsin Pe — fl) =| s6, sin eae, 
pl 2 $n Sin e Pr = 21 oe sin "6d , (2-3.49) 
f(x => ¢, Sin ae gn = ao sin ade . 
If we insert (2-3.48) into the original Eq. (2-3.45) we obtain 
sin FH xf a() un(t) — tight) + fal} =0. 


This relation is satisfied if all the coefficients of the series development 
vanish, i.e., if 


tin(t) + (Stat a’us(t) = fall) . (2-3.50) 


Therefore, we have obtained for the determination of #,(¢) an ordinary dif- 
ferential equation with constant coefficients. The initial conditions read 


u(x, 0) = g(x) = ¥ u,(0) sin art as y, sin me 
n=l nel 


wilx,0) = Glx) = ¥ zén(0) sin Fy =F gysin Me. 
4 n=1 


Hence it follows that 
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u7(0) = On 
2t,(0) = dn. 


These auxiliary conditions completely define the solution of Eq. (2-3.50). Now 
u,(t) can be represented in the form 


unt) = u(t) + uf (ty, 


(2-3.51) 


where 





| on oe 
gigs | Si lh fue (2-3.52) 
TNA }o l 

represents a solution of the inhomogeneous equation with homogeneous initial 
conditions,'’ and 


(I) TI l . Hn 
un, (t) = o,cos——at + ——4¢, sin ——at 2-3.53 
()=¢ ] =e y ] ( ) 
is a solution of the homogeneous cquation with the prescribed initial condi- 


tions. Consequently, the solution sought has the form 





= t 
w(x, t) => : sin 2” alt —t)Sin Sy: FAt)dt 
nal THA }q 1 1 


+ 5 (>. cos “at + ot ap: sin “Fat) sin cla (2-3.54) 
n=l I ma l l 

The second sum solves the problem of a freely vibrating string with pre- 

scribed initial conditions and was completely investigated earlier. The first 

sum by contrast represents the forced vibrations of the string under the 

influence of an external force with homogeneous initial conditions. With 

the use of (2-3.49) for f,(t) we find 





tel ies 
Pee | | {5 Se a ape 1) sin x eit mal re, r)dédz 


ool 2 x1 nna l 
= [ | Gu, E,t — ct) f(€, c)dédr (5-3.55) 
with a 
G(x,é,t—7) = =. z= sin anal — 2) sin x sin a .  (2-3.56) 


To determine the physical significance of this solution, we first assume 
that the function f(&,7), in a sufficiently small neighborhood 


&SsES6,4+ 4, TStTSHM+4t 


of a point M,(&, 7), is different from zero and vanishes outside this neigh- 
borhood. The function pf(&,r) represents the force density of the acting 
force; the force developed in the interval (€,& + 4€) is therefore equal to 


Eo t+ 4€ 
F(z) = ol fe, ade. 
if) 


11 See the comments at the end of this section. 
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Then 
totdt totdr cp igtsé 
1=| P(o\dz = o| | f(é, c\dbdz 
79 tT fo 
is the impulse of the force during the time 47. By applying the mean-value 
theorem to the expression 


tel Totdt cigt dé 
uix)=| | Gtx, 6¢— 2 £06 sate =| | Ce EREDIE Dine 
oJo Tt) Eo 
we obtain 
hs totdt cigt dé 
u(x,t) = Glx, Bt —2)| | Fle, c)déde (2-3.57) 
To é 
with : 


&S§S&4+ 4, TMStsamtda. 


If in formula (2-3.57) we take the limit as J€—0 and 47-0, we obtain 

the function 
u(x,t) =Glx,6o,t—t) , (2-3.58) 

which can be regarded as the effect of an instantaneously concentrated im- 
pulse J. . 

If the function (1/p)G(x, &,t — rc), which represents the effect of a concen- 
trated impulse, is known, then it is immediately clear that the effect of a 
continuously distributed force f(x, f) can be represented by 


let 
u(x,t) = | | G(x, &€,t — c) f(E, c)dédt . (2-3.59) 


This representation coincides with the representation (2-3.55) above. 

The function describing the action of concentrated impulses was investi- 
gated for the case of the infinite straight line in the preceding paragraphs. 
We recall (see Figure 10) that it is piecewise constant, and within the upper 
angle for the point (&,7) this function is equal to (1/2@)(J/»); everywhere out- 
side of this angle the function is equal to zero. 
From this the function describing the action of 
concentrated impulses for the bounded string 
(0,2) can be found by the odd continuation with 
respect to the points x =0 and x =1. 

Let ¢ be so near to cz that the influence of 
the reflection at x =0 and x =/ still does not 
appear. At this time the influence function takes 
the form shown in Figure 23. If we develop it 
in a Fourier series with respect to sin (zn/l)x, 
FIG. 23. in which we set J=p, its Fourier coefficients 

are then equal to 


I Eta(t-r) 
A; = =| G(a, 6, t — 7c) sin ada =3,| 
0 1 al 


al- 
DIN 





g-alt-7}” ~ S€talt- 7) 


. ers 
sin —ada 
€—a(t—r) i 
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{cos = an {€é — a(t —r)] — cos +18 + a(t — alt 
Az 





ani 1 
From this we obtain the formula 


G(x,&,t—r) = se . Care —t)sin a7 sin ee. (2-3.60) 
TA n=10t I L L 

Thus it agrees with the formula (2-3.56) found by the method of separation 

of variables. 

For values ¢ 2+, where the influence of the fixed ends has already ap- 
peared, there are difficulties; in the construction of the influence function by 
means of characteristics its description by Fourier series remains to be ob- 
tained, even in this case. 

We shall limit ourselves here to a formal scheme of solution, without 
going more precisely into the conditions for the applicability of the formulas 
obtained. 

We shall now consider an ordinary inhomogeneous linear differential equa- 
tion with constant coefficients 

Lie) = '™ 4 pyel™? 4 es + pau! + paw =f (ty, “= 7a (1*) 
with the initial conditions 


w(0)=0, G=0,1,---,n-1. (2*) 
Its solution is given by 


u(t) = [ vu-ase) z)dt, (3*) 


where U(t) is the solution of the homogeneous equation 
L(V) =0, 
with the initial conditions 
u“0) =0, 7=0,1,-+-,2—2 
OP S41... (4*) 


If we calculate the derivatives of u(t) by differentiation of the right side 
of (3*) with respect to ¢, we find 


“UME = aftede + UO)f(t), U0) =9 


0? A 


ue yp — 2) f(c)de + U0) F(, = U0) = 0 


“uma —a)f(ajde + UP NOS (0), Ue Noy) =1. 
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If we substitute (5*) into (1*), we find 
t 
Lu) = | LUU(t — DI flede + (0) = FO; 
iy 


i.e., the differential equation is satisfied. Obviously, u(t) also satisfies the 
initial conditions (2*). 

For the function U(t) and formula (3*) we can easily find a clear physical 
interpretation. Usually w(t) designates the displacement of a given system 
and f(t) is the force acting on this system. Our system is ina state of rest 
for ¢<0. Let the displacement of the system be given by the non-negative 
function fe(t); let f2(t) be different from O only at the time 0<t<e. We 
denote the impulse of this force by 


[= [ Sf (adr. 


Further let we(¢) be the function corresponding to f(t). Therefore we can 
consider e¢ as a parameter and set J=1. Obviously then, as «—0, lim z(t) 

2-0 
exists independent of the selection /2(t). Also one easily recognizes that this 
limit value is equal to the function U(t) defined above; namely 


U(t) = lim u(t), 


if U(t) =0 for t < 0. U(t) is called the influence function of the instantaneous 
impulses. 
If we apply the mean-value theorem to (3*) we obtain 


ul) = Ul a2)| flee = UU eb), O<cise<t. 


0 


By passage to the limit as «0 we then obtain the limit value 


lim w(t) = lim U(t — ct) = U(t), 
e-0 


2-0 


which therefore proves our assertion. 

We now want to represent the solution of the inhomogeneous equation 
by U(t), the influence function of the instantaneous impulses. For this purpose 
we divide the interval (0, ¢) by points zt; into equal intervals 


4c = ae 
m 


and write f(t) in the form 
fy = 3 fl, 


where 


f(b) = 0 for t< Ti and t 2 Ti41 
= f(t) for TiSt< ty. 
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Then 


where u,(7) is the solution of the equation L(u;) = f; with homogeneous initial 
conditions. 


If m is sufficiently large, u,(t) can be regarded as the influence function 
of the instantaneous impulse of intensity 


T= filti)de = f(tidr, 
so that for u(t) we have 
ult) = 3 Ute) fede > U(t — 2) fledde 


and arrive at the formula 
t 
u(t) = | U(t — ct) f(r)dr. 
0 


This shows that the influence of a continuously distributed force can be 
represented by the superposition of the influences caused by the instantaneous 
impulses. 

In the case considered above, u,’ satisfies Eq. (2-3.50) and the conditions 
u,(0) = 2,(0). For U(t) we have 
l 


se a nV aU = 0, U)=0, U=1, 


so that 


U(t)= u sin at . 
na I 





From this and from (3*) there results 





un = [ U(t — 2) f(t) = [ sin alt — t)finla)dr . 


THA 


The integral representation (3*) derived above for the solution of the 
ordinary differential Eq. (1*) has the same physical significance as formula 
(2-3.59), which gave the integral representation of the solution of the homo- 
geneous wave equation. 


5. The general first boundary-value problem 


The general first boundary-value problem for the wave equation reads: 
Find a solution of the differential equation 


te = at, + f(x, 2b), O<x<I1,t>0 (2-3.45) 
with the auxiliary conditions 


u(x, 0) = y(x) 


(2-3.46) 
u(x, 0) = d(x) 
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(0, t) = p,(t) (2-3.47) 
u(l, t) = p(t). 
First, by means of 
a(x, t) = U(x, t) + v(x, t) 


we introduce a new function v(x,7). This then signifies the difference of the 
function u(x,t) from a function U(x, t) still to be determined. 
The function v(x, ¢) can be determined as a solution of the wave equation 


Ve = Us: +f (x, t) , f (x, t) = J; t) = [Un —— aUs| 
with the auxiliary conditions 
v(x,0)= G(x),  — v(x, 0) = d(x) 
v(0, t) = A(t) ’ v(l, t) = jin{t) 
@ (x) = g(x) — U(x,0), (x) = H (x) — U(x, 0) 
A(t) = p(t) — UO, 2), fi2(t) = po(t) — Ul, t). 
Now we choose U (x, t) such that 
A(t) = 0 and Hlth =0. 


Thus it suffices to set 
U(x, t) = wuld) + Lele) — pa(d)]. 


Hence the general boundary-value problem for u(x,t) has been reduced 
to a boundary-value problem for v(x,¢) with homogeneous boundary condi- 
tions which we have already solved (see Section 2-3§4). 


6. Boundary-value problems with stationary inhomogeneities 


A very important class of problems is formed by the boundary-value 
problems with stationary inhomogeneities. In these problems the boundary 
conditions and the right side of the equation are independent of the time 
t: 


Ui = Ass + folx) (2-3.45') 
u (x, 0) = (x) (2-3.46) 
ur(x, 0) = P(x) 
Be ames (2-3.47') 
u(l, th=ue.. 


In this case we seek the solution of the problem in the form 
u(x, t) = u(x) + v(x, £) 


where “#(x), the stationary state (the static deflection) of the string is deter- 
mined by the conditions 
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ai''(x) + fox) =0 
71(0) = iy 
u(l) = us 


while v(x, ¢) designates the displacement from the stationary state. It is 
easily seen that 


x é x é a 
fax) = U1 + (tte — 0.) + +\ a LolE») ge, -| aé| ‘LolSe) ge, 
I L So 0 a 0 a 


If, in particular, /) = const., then 





U(x) = 1, + (42 — mu) + Pita — x’). 


The function v(x, f) obviously satisfies the homogeneous equation 
hi = avy 

with the homogeneous boundary conditions 
v(0, t) = 0 
v(l, t) =0 


and the initial conditions 
v(x,0) = G(x), F(x) = g(x) — x(x) , v1(x, 0) = P(x). 


Hence v is the solution of the simplest boundary value problem treated 
in Section 2-3§1. 

In the derivation of the equation of the vibrating string and for a series 
of other cases the influence of the force of gravity was not considered. From 
the above it follows that it is sufficient to assume the displacement from 
the stationary state instead of the direct influences of the force of gravity 
(and in general for time-independent forces). 

We shall now give the solution of the simplest problem of this type with 
homogeneous initial conditions: 


Ue = AU, + fo(x) (2-3.45"') 
u(x,0)=0, u(x, 0) = 0 (2-3.46"’) 
uO, 7) =m, u(l, t) = ue. (2-3.47"') 


For v(x, t) the problem then reads 
Vi = Gy v(x, 0) = v(x) =— a(x) , v(0, 7) =0 
v(x, 0) =0, v7, H=0. 
We can easily see that for the solution of this problem it is not necessary 


to know the exact analytic expression for #(x). 
According to formula (2-3.17), v(x, ?¢) has the form 


v(x, t) = bi (A, cosaV ant + B, Sin aV ant) Xn(x) 


n=l 
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where 
X,(x) =sinVanx, VWar= a 
are the eigenfunctions of the boundary value problem defined by 
X" + aX =0 (2-3.8) 

X(0) =0, X(1) =0. (2-3.10) 

From the initial conditions it follows that 
B,=09 

and 


2 t 
A,=—- +\ “u(x)X,(x)dx . 


The following method is appropriate for the calculation of these integrals. 
From (2-2.8) we find 


Xx) === X30) 


We introduce this expression into the formula for A, and integrate twice 
by parts: 


2 ' = it 2 “yl i —l 
A, a d oe = | aa = 
a | wax (de =F {ax (x) , aX 


from which, by taking into consideration the differential equation and the 
boundary conditions for a(x), there follows 


L t 
+| il" Xalx)ds} 
0 0 





zt 
An | exe = 4,X1(0) — | AD xsade | 
Lan 0 @& 
or 


l 
Ag = = [ua(— 1 = wh — 25) AE x adr 
TH a@ 


2 
RI Jo 


In particular we find for the homogeneous equation (f(x) = 0) 
ee: 2 ey et ewe 
A,= Wie 1) “,) = ii [w2(— 1) 1). 


With the aid of this method it is possible to calculate the Fourier coefficients 
also for the boundary conditions of the second and third type and for the 
boundary-value problems of the inhomogeneous string 


d{[,,.dX = 
+ [ eon | AX = 0) 


if the eigenfunctions and the eigenvalues are known. 


7. Problems without initial conditions 


As shown above, the general first boundary-value problem for the equa- 
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tion of the vibrating string can be reduced to the solution of an inhomo- 
geneous equation with homogeneous boundary conditions. However, it often 
happens that the solution of a problem by this method is more difficult 
than by the direct solution. 

Thus it is important in the investigation of the influences of boundary 
conditions to find some specific solution (of the homogeneous equation) which 
Satisfies the prescribed boundary conditions, since the calculation of the 
necessary corrections owing to the initial conditions leads to the solution 
of the same equation with homogeneous boundary conditions. 

A very important class of problems for the study of boundary influences 
is composed of the so-called problems without initial conditions. 

That is, if the boundary conditions have acted sufficiently long, the in- 
fluence of the initial conditions vanishes owing to the friction which occurs 
in every real physical system. We arrive quite naturally at the following 
problem (1) without initial conditions: 

Find the solution of the equation 


ue = QUs: — aur, a> 0 (2-3.61) 
with the prescribed boundary conditions 
u(0, t) = ta(t) ’ u(, t) = L(t) : 


The term au, on the right side corresponds to a frictional force proportional 
to the velocity. 
We shall first investigate the consequences of periodic boundary influences: 


ul, t) = Acosut or u(l,t) = Bsinat , (2-3.62) 
u(O, t) =O. (2-3.63) 


For the following, the complex representation of the boundary conditions 
is found to be advantageous: 


u(l, t) = Ae. (2-3.64) 
If 
u(x, t) =u"? (x, t) + iu (x, t) 


satisfies Eq. (2-3.61) with the boundary conditions (2-3.62) and (2-3.63), then 
u'(x,t) and u(x, t), the real and imaginary parts of u(x, t), separately satisfy 
the same equation (since it is linear); the condition (2-3.63) and the boundary 
conditions at x = / lead to 


u(,t)= Acosat, u'(l,t)= Asinot. 
We therefore seek the solution of the problem 


Ue = Ou. — ant 
u(0, t) =0 (2-3.65) 
u(l, t) = Ae”. 


With the expression 
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u(x, t) = X (xe 


we obtain the following problem for X (x): 


2 
X"4+RPX=0, P= - ia (2-3.66) 
a 
X (0) =0 (2-3.67) 
X()=A. (2-3.68) 
From Eq. (2-3.66) and the boundary condition (2-3.67) we find 
X(x)=Csinkx. 


The condition at x =/ gives 


A 


=. (2-3.69) 
sin kl 
Thus 
X (x) = ASME = Xn) + IX), (2-3.70) 
sin kl 
where X,(x) and X,(x) are the real and imaginary parts of X (x). 
We can then represent the sought solution in the form 
t) = [Xi(x) + iX.(x)Je™ = u(x, 1) + (x, BD) 
with 
u(x, t) = Xx) cos wt — X.(x) sin wt 
u(x, t) = Xi(x) sinet + NX.(x) cos wt . 
By passage to the limit as a—0 we obtain 
k=limk= 7% (2-3.71) 
a -0 a 
and correspondingly 
ped Sine) AO sea (2-3.72) 
a 0 sin (w/ayl 
n(x, t) = lim nO ty = Sale sin ot. (2-3.73) 
sin (w/a)l 


The functions #‘?(x, ¢) and #'(x, t) are obviously solutions of the equation 
it = A’ tley 
with the boundary conditions (2) 
nO = 0 a” (0, t) =0 
a(,t)=Acoset #1, t) = Asinat. 


A solution for a =0 does not always exist. Thus if the frequency » of the 
forced vibrations coincides with a characteristic frequency , of the vibrat- 
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ing string with fixed ends, that is, 


then the denominator vanishes in the equation for #"’ and # and no solu- 
tion exists for the problem considered here. 

This fact has a simple physical significance, namely: for w = w, there 
occurs a resonance. At a given time ‘=/, the amplitude grows without 
bound. With the existence of friction (a # 0) a vibration process is possible 
for each o. 


If f(t) is a periodic function which can be represented by the series 


Ao 


f(t) = 5 


+ ¥ (A, cosont + B,sinw nt), (2-3.74) 
n=1 

where w is the lowest frequency and A,, 8B, are the Fourier coefficients, 

then the solution of the equation for a =0 has the form 


A, , + x (A, cos wnt + B, sin ont) in lontale 


a(x, t) = oy, sin(wn/a)l 





provided none of the frequencies w, coincides with the characteristic fre- 
quencies of the bounded string. 

If f(f) is a non-periodic function, we represent it by a Fourier integral 
and the solution is obtained in integral form in a corresponding manner. 

We note that the solution of the problem without initial conditions for 
a= 0 is not uniquely defined if no further additional conditions are furnished. 
Thus if one adds to any solution of this problem even an arbitrary linear 
combination of standing waves 


y (A. cos seat + B, sin at) sin ae 
where A, and B, are arbitrary constants, then the sum so obtained likewise 
satisfies the equation and the boundary conditions. 

In order that problem (1) for a =0 be uniquely solvable we introduce 
the additional condition on the vanishing friction: 

We say a solution of the problem (2) has vanishing friction if it is the 
limit value of a solution of problem (1) as a-»>0. The problem for a fixed 
end x = / and with a prescribed boundary condition (0, 7) = u(t) at x =0 is 
solved in a similar manner. 

The solution of the general problem without initial conditions 


w(O,t) = walt), aed, f) = pelt) 


is calculated as the sum of two summands, each of which satisfies an inhomo- 
geneous boundary condition. 

We shall now prove the uniqueness of a bounded solution of the problem 
without initial conditions for Eq. (2-3.61). For this purpose we shall assume 
that the solution and its derivatives up to and including the second order are 
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continuous in the region 0S x <1, —co < t < t) when the boundary values 
(0, ¢t) = w(t), =u, t) = p(t) 


are defined for —wo <t < ty. 
Let w(x, t) and 2,(x,t) be two bounded solutions of problem (1) under 
consideration, 


jal< M, lt.) <M, 
where M > 0 is a fixed number. 
The difference 
v(x, t) = w(x, t) —2.(x, t) 


of these functions is likewise bounded (|v| < 2M) and satisfies Eq. (2-3.61) 
as well as the homogeneous boundary conditions 


20,7) =0, vl, t) = 0. 


The Fourier coefficients for v 
l 
v,(t) = | v(x, t) sin 2 dx 
I }, l 


obviously satisfy the equation 


re : 2 Hay) * 
Vp tavz,t anv, =0, On = rm (7) 


since the second derivatives of v(x, t) for 0 < x </ are continuous. 
The general solution of (*) reads 
(1) (2), 


v(t) = Axe’ ' + Be", one 


where 
a) a a 2 @)_  @ a 2 
Qn = ee Pe Qn aan ek a es a>0d 


are the roots of the characteristic equation. There are now two possible cases: 

1. The roots are real and negative. 

2. The roots are complex and possess a negative real part. From this 
it follows that every solution (**) of Eq. (*) either is identically zero or is 
such that its absolute value as f-»— oo becomes arbitrarily large. Now, 
however, |v,| < 4M is valid for all 2 so that v, = 0 for all x. 

Hence we must have 


v(x, t) =0 and 1,(x, ft) = u(x,t), 
from which the unique solvability of the problem (I) is proved under the 
given assumptions. 
8. Action of a concentrated force 


A string is set to vibrating under the action of a concentrated force which 
acts at the point x=x,. If the force is distributed in a given interval 
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(xo — €, X) + e) then the solution is found from formula (2-3.55). By passage 
to the limit as e—0 we obtain also the solution for a concentrated force. 

On the other hand we have seen in the derivation of the wave equation 
that at the point x, at which the concentrated force acts, a point of discon- 
tinuity of the first derivative occurs, whereas the function itself remains con- 
tinuous. The solution u(x, ¢) can be represented for such a displacement of 
the string by two different functions: 

u(x, t) = u(x, t) for OS<xex 


(2-3.75) 
u(x, t) = to(x, t) for Xsx<l. 


These functions must satisfy the equation 
ie = Q'ty: , (2-3.76) 
the boundary and initial conditions 


w(0,t) =O u(x, 0) = g(x) 


(2-3.77) 
u(1, t) = 0 u(x, 0) = (x) ] 
the continuity condition at the point x = x, 
1y(Xo,t) = ty(Xo, £), (2-3.78) 


and the condition which determines the magnitude of the jump in the first 
derivative at the point x, at which the concentrated force f(t) acts: 


xg t0 a 

ie aS race t)— Be (xo, f) =— a (2-3.79) 

If the initial conditions are satisfied we need not investigate further. Thus 

if we find a particular solution of Eq. (2-3.76) which satisfies both the bound- 

ary conditions of (2-3.77) and the relations (2-3.78) and (2-3.79), the prescribed 

initial conditions can also be satisfied only when the corresponding solution 
of the homogeneous equation is added to this solution. 

We shall now seek a solution of the equation for the special case 





f(t) = Acosut —-o<t{<+o. 


Hence only the boundary conditions are to be fulfilled in which we assume 
that the force has been acting from ¢ =— © on, i.e., it is a problem without 
initial conditions. For the solution we set 

u(x,t) = X,(x) cos at for Osx x% 

u(x, t) = X2(x) cos wt for Xo Sxl. 
Then there follows from (2-3.76) 

2 
Xi! + (*) i for OSx<% 
a 


; (2-3.80) 
Xi + (2) x, =0 for Se BT. 
a 


The functions Y, and X, on the other hand must satisfy the boundary con- 
ditions 
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X,(0) =0, AAl) =0 (2-3.81) 
which results from (2-3.77) and also satisfy the continuity and jump conditions 
X (Xo) = X2(xXo) , Xi(Xo) — X 3%) = a : (2-3.82) 
which are derived from (2-3.78) and (2-3.79). 
From Eq. (2-3.80) and the condition (2-3.81) we find 
Xi(x) = Csin—x ; Xx) = Dsin —(l —x). 
The connection conditions (2-3.82) give 
C sin x, — Dsin(/ — x) = 0, 
a a 
C~ cos aes + D“ cos “1 — x5) tte . 
a a a a k 
Therefore, when the coefficients C and D are determined, we obtain 
u(x,t) =u, = AG Sin (w/a — 0) 5 Oy cos wt for Osxrin 
ko sin (w/a)l a 
[15 = ae Sin Gis a — Ps) cos wt for HM Sxsl. 
kw sin(w/a)l a 


The solution for f(t) = Asinwt is written similarly. 


Thus the problem for the case f(t)= Acoswt and F(t)= Asinwt is 
solved. Now if f(£) is a periodic function, say 


faPr ¥ (a, cos wnt + Ba Sinant) , 
nm:=1 


where w is the lowest frequency, then obviously we have" 


MepeaG= o{0 —*) 4 3 asin (wrja)(l — xo) are ws 








k\| 2 l on Sin (wit/a)l 
X (an Cos ant + 8, Sin wnt) , OSsxin, 
=, = rie -=) + 3 Es sin (wn/a)xo Fe eee) ee 
k\| 2 l nt onsin (wi/a)l a 
X (a, cos ant + 8, sinawnt) , HSxsl. 


If by contrast f(f) is a nonperiodic function then in a corresponding 


18 The first summand of these sums corresponds to the stationary deflection which is 
determined by the force f(t) = ao/2 = const. through the functions 


] 
“= ure, i) = w(x) =P a( - 3) for O<xr<20 


1 
= u(x,t) = ux) = z Ee — +) for mSsrsl. 
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manner, in which we represent f(f) by a Fourier integral, we obtain the 
solution in integral form. 

The resonance phenomena which can occur in the process described by 
the function (2-3.83) are easy to overlook. Resonance occurs when a denomi- 
nator in these functions is zero: 


onl rm 
=0, a ae 





sin 


i.e., if the frequency spectrum of the driving force contains one of the 
characteristic frequencies of the vibration. 

If one of the nodes of the standing wave is found at the point x of 
action of the force which corresponds to the free vibration with frequency 
On, then 


sin“ x,=0, sin*(/— x) =0. 
a a 
Here the numerators of the corresponding summands for u are equal to zero, 
and no resonance occurs. However, if a displacement of the corresponding 
standing wave of frequency w, is found at the point of action of the force 
which acts with the frequency w,, then 


On 


a 





sin oon ee 
and the resonance phenomena is pronounced. 

From the above calculations, we can formulate the following rule: In 
order to stimulate to resonance a string which remains under the influence of 
a concentrated acting force, it is necessary that the frequency w be equal to 
one of the characteristic frequencies of the string and that the point of action 
of the force coincide with one of the maxima of the corresponding standing 
waves. 


9. A general scheme for the method of separation of variables 


The method of separation of variables can be used not only for the wave 
equation of a homogeneous string, w= a’u,,, but also for the wave equation 
of the inhomogeneous string, 








Llu] = Z| Hn oe | — gQ(x)u = poe F (2-3.84) 


Ox 
where k,q, and p depend on x and are positive (k > 0, p > 0, q> 0). 
For example, consider the first boundary-value problem for Eq. 2-3.84: 
uO, 7)=0, u(1,t) =0 (2-3.85) 
u(x, 0) = ¢(x), u(x, 0) = f(x). (2-3.86) 
We shall seek the solution of this problem by the method of separation of 


19 The case that k(x) vanishes at some point must be considered separately. 
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variables. Therefore, in a search for specific solutions as we did earlier, we 
shall first turn to the following auxiliary problems. 

Find a nontrivial solution of Eq. (2-3.84) which satisfies the boundary 
conditions 


u(0,t)=0, ul, t) =0 
and is representable as a product 
u(x,t) = X(x)T (ht). 


If we substitute this product expression into the partial differential equa- 
tion, we obtain, with consideration of the boundary conditions for X(x) and 
T(t), the two ordinary differential equations 


d dX _ 
dx [ tx) dx | —qX + i’pX =0 


fo AT =O: 


For the determination of the function X(x) we are led to the following 
eigenvalue problem: 
Find those values of the parameter 4 for which the boundary-value problem 


L[X] + apX =0 (2-3.87) 
X(0)=0, X()=0 (2-3.88) 


possesses nontrivial solutions, the so-called eigenvalues of the boundary value 
problem, as well as the corresponding solutions—the so-called eigenfunctions 
of the boundary-value problem.” 

Next we shall formulate the basic properties of the eigenfunctions and 
the eigenvalues of the boundary-value problems (2-3.87) and (2-3.88) which are 
necessary for the following investigations. 

1. There exists a denumerably infinite number of eigenvalues 4, < 4, < 


+++ <a, < +++, which correspond to the nontrivial solutions of the 
boundary-value problem, the so-called eigenfunctions X,(x), X2(x),--:, 
Xx) ++ 


2. For g=0 all the eigenvalues 2, are positive. 
3. The eigenfunctions in the interval 0< x <7 are orthogonal to each 
other with respect to the density function p(x): 


l 
| Kol XA Kole dx = 0-, MEN, (2-3.89) 


4. (Development theorem of V. A. Steklov.) An arbitrary function F(x) 


20 For p = p, = const., k = ko = const. we obtain the boundary-value problem for the 
characteristic vibrations of a string bounded on both sides: 


X” + rX =0, way 
ho 
X(0)=0, Xl) =0, 


which we have already investigated. 
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which is twice continuously differentiable and satisfies the boundary condi- 
tions F(0) = F(/) = 0 can be developed in a uniformly and absolutely conver- 
gent Series with respect to the eigenfunctions X,(x): 





FQ)= FFXX), Fre + ‘ F(x)Xalx)ol(xdx 
n=l nJo 
Ll 
Nee | XAx)olx)dx . (2-3.90) 
0 


The proof for propositions 1 and 4 are usually given in the theory of 
integral equations. We shall limit ourselves to the proof of propositions 2 
and 3. 

Before we prove these properties we shall first derive Green's formula. 
Let w(x) and v(x) be two functions which are twice differentiable in the inter- 
val a < x <6 and possess continuous first derivatives ina@a<sx<b. Next we 
consider the expression 


uL[v] — vL(u) = u(kv')! — v(ku')! = [k(uv’ — vu')]’. 


If we integrate this equation with respect to x from a to b, we obtain Green’s 
formula 


b 5 
| Gila) = VEG ees | | (2-3.91) 


Proof of the third proposition. Let X,(x) and X,(x) be two eigenfunctions 
with the corresponding eigenvalues 2, and 24,. Then if «= Xm(x), v = Xn(x) 
are inserted in the formula (2-3.91) we obtain, by consideration of the bound- 
ary conditions (2-3.88),”" 


U 
| {XnL[X,] —XzL[Xn]}dx =0, a=0, b=l, 
0 


from which because of Eq. (2-3.87) we obtain 
Qa ta) Kal Xal2)o(ehds =0Q. 
Therefore provided that 2, # 4m, We obtain the following relation 
[ Xnlx)Xalxolxide = 0, (2-3.92) 


0 


i.e., the eigenfunctions X,,(x) and X,(x) are orthogonal to each other with 
respect to the density function p(x). We shall now prove that every eigen- 


21 The derivatives X/(x) and Xj(z) are continuous throughout 0 <2 <1, including 
the points rs =0 and z=l. Eq. (2-3.87) gives 


k(x) X} (2) = \% a Amp) X maz + C . 


From this follows in particular the existence of the derivative X/(x) for 2 =0 and x =l. 
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value to within a constant factor corresponds to only one eigenfunction.” 
Thus it follows that each eigenfunction is uniquely defined as a solution of 
a differential equation of the second order by the value of the function itself 
and by its first derivative at x =0. Let us assume the existence of two 
functions X and X which correspond to one and the same 2 and vanish at 
x =0, and consider the function 

X'(0) = 

X*(x) = 2 Fx) : 

X (0) 

Then we see that this function satisfies the same equation of the second order 


(2-3.87) and the same initial conditions as the function X (x): 











X'(0) = 
x*(0) == 0) =0 
(0) X10) ( 
ax* X'(0) yi vi 
0) ==—— _X"(0) = X'(0 
AR (0) X(0) (0) (0) 
Therefore, we have shown that X*(x) = X(x) and that 
7 X'(0) 


is valid. 

Let it be noted that for the proof, the condition X'(0) #0 was used. 
This, however, is not necessarily satisfied,-since the solution of the linear 
equation (2-3.87) determined by the initial conditions 


X(0)=0, X(0)=0 


is identically zero and, therefore, no eigenfunction can exist. 

If X,(x) is an eigenfunction corresponding to the eigenvalue 2,, then 
A,X,(x), where A, is an arbitrary constant, because of the linearity and the 
homogeneity of the equation and the boundary conditions, is likewise an 
eigenfunction corresponding to &n. 

We proved earlier that the class of eigenfunctions has been completely 
exhausted. The eigenfunctions which differ from each other only by con- 
stant factors will appear as not essentially different. However, in order to 
avoid ambiguity in the selection of factors the eigenfunctions will be normal- 
ized by 


t 
N, =| X2x)olx)dx = 1. 
0 


If, at the outset, an arbitrary eigenfunction X,(x) does not satisfy this nor- 
malizing condition, then it can be normalized by multiplication by a suitable 
coefficient A,: 


22 This property of the first boundary-value problem therefore depends on the fact 
that two linearly independent solutions of a differential equation of the second order 
cannot be at one and the same point equal to 0. This assertion is based on the bound- 
ary-value problem with homogeneous boundary conditions. With other boundary con- 
ditions (for example, with X(0)= X(l), X’(0) = X’(l)) two different characteristic func- 
tions can be given which correspond to one and the same characteristic value. 
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Consequently, the eigenfunctions X,(x) of our boundary-value problems 
(2-3.87), (2-3.88), form a normalized orthogonal system (orthonormal system) 


0, meEN 
1, m=n. 


t 
| X m( X)X nlx) p(x)dx =4 
0 

Proof of the second proposition. Let X,(x) be the eigenfunction corresponding 
to the eigenvalue 4,. Then, 


L[X,] a A nfAX)X nl X) ‘ 


Multiplication of both sides of this equation with X,(x) and integration with 
respect to x from 0 to 7 yields 
l 


l 
an| Xi(x)o(x)dx =— | X,(x) LEX, dx 


0 
or 





l l 

an =-| X45_| Ae) dX |e + | ax) Xix)dx , 
o0 ax dx 0 

since the function X,(x) was assumed to be normalized. We then obtain by 

partial integration and by use of the boundary conditions (2-3.88) 


l 
y ee») 


l t 
af | R(x)[Xa(x)Pdx +| G(x) Xi(x)dx 





0 


1 L 
= | k(x)LX n(x) Pdx + | UX)NE(x)dx , (2-3.93) 
(a) 0 


from which it follows that 
4,>0 


since by assumption &(x) > 0 and q(x) 2 0. 

We soon arrive at the calculation of the development coefficients of 
F(x), but not at the proof of the development theorem itself, which we 
shall use in this case. Obviously, 


l 
| Ox) (x)Xa(x)dx 
F, = “.]——_____—_.. (2-3.94) 


[ p(x) Xn (x)dx 

0 

Now if we multiply both sides of the equation 
F(x) = 3 FaXu(2) 

by p(x)X,(x), integrate this expression with respect to x from 0 to /, and 


bear in mind the orthogonality of the eigenfunctions, we obtain directly the 
expression shown above for F, (the Fourier coefficients). 
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We turn again to the partial differential Eq. (2-3.84). For T(t) we obtain 
the equation 


T"'+2,T=0 (2-3.95) 


without any auxiliary conditions. Since 2, is positive, its solution has the 
form 


T,(t) = An CoS Wagt + Basin Vaat, 


where A, and B, are arbitrary coefficients. Our auxiliary problem therefore 
has infinitely many solutions of the form 


Unlx, th= T(t) X n(x) = (A, cos 7 Bet + B, Sin Vat) X n(x) : 


The solution of the problem with prescribed initial conditions, from which 
we Started at the beginning of this section shall be introduced in the form 


u(x, t) = > (A, cos Vast + Ba sin Wa,t)X,(x) « (2-3.96) 


The formal scheme for satisfying the initial conditions (2-3.86) depends on 
the Steklov theorem (4) above. It is completely analogous for the homo- 
geneous String, and we find from the equations 


u(x, 0) = 92) =F AnXalx), ult, 0) = Gz) = FBV XA) 
the relation 


= __ Pn 
An =n; B, -aae : (2-3.97) 
Hence gy, and ¢, are Fourier coefficients of the functions g(x) and ¢(x) which 
occur in the development of these functions with respect to the orthogonal 
system of functions {X,(x)} with the weight factor p(x). 

Since we have limited ourselves here to the general scheme of separation 
of variables, the conditions for the applicability of this method, with regard 
to both the coefficient of the equation and the initial functions, have not been 
discussed. 

The basic ideas of this method are due to V. A. Steklov.” 


Problems 


1. Determine the function u(x,t) which describes the vibrations of a String 
(0,7) fixed at the ends, if the string is excited in such a way that at the 
point x =c it has been displaced to a magnitude equal to # from the original 
position (see Figure 24), i.e., let u(c, 0) = A. 

2. A string fixed at both ends has been displaced at the point x =c by a 
force F,. Determine the string vibrations if the force at the initial moment 
ceases to act. 


23 Report of the Kharkov Mathematical Society, second series, Vol. 5, nos. 1 and 2 
(1896); also Fundamental Problems of Mathematical Physics, Vol. 1 (1922). 
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3. Determine the function w(x, 4) which 

describes the vibrations of a string (0, /) 

fixed at both ends if the string is excited 

by an impulse & distributed in the interval 

(c — 6, c+ 6) for the case when the dis- 

>. , tribution is (a) uniform, (b) subject to the 
law v, cos (x — c)/26. 

FIG. 24. 4. Determine the function w(x, ¢) which 

describes the vibrations of a string fixed 

at both ends if the excitation results from impulse AK acting at point 

tao 


" 
9 
» 
il 
ip) 


5. Prove the additivity of the energies of the individual harmonic vibrations 
for a vibration process with the boundary conditions «=0, u,=0. Consider 
also the case of the boundary condition w, + hu =0 (all of the series occurring 
are assumed to be uniformly convergent). Calculate the energies of the in- 
dividual harmonic vibrations in Problems 1, 2, 3, and 4. 

6. A spring which is fastened on one side at the point x =0 is stretched 
by a weight of mass M fastened at the point x =/. Determine the spring 
vibration if the weight is removed at time ¢ =0 and subsequently no force 
occurs again at x = 7. 

7. Let a rod be fastened at one end; at the other end acts a force Fy. What 
vibrations does the rod perform if the force ceases to act at the initial 
moment? 

8. What vibrations are performed by a spring which is fastened at one end 
while at the other end a weight of mass M hangs at the initial moment? 
Let the initial conditions be homogeneous. 

9. A mass M is fastened at the point x =c on a homogeneous String with 
fixed ends x =0 and x =/. Determine the displacement w(x, ¢) of the string 
if (a) the string at the initial moment moves from its equilibrium state at 
x=c to a value equal to # without losing its initial velocity; and (b) the 
initial displacement and the initial velocity are equal to zero. 

10. Determine the course of vibration of a spring with free ends with uni- 
form initial expansion (give a model of this problem). 

11. Describe the vibrations of a spring which is fastened elastically at both 
ends as in Problem 10, if the initial conditions are arbitrary. The solution 
should be investigated for small A (‘‘soft’’ attachment) and for a larger h 
(“‘rigid’’ attachment), and the corresponding correction to the eigenvalues of 
the spring with fixed and free ends should be calculated. 

12. Find the displacement u(x, ¢) of a string whose ends are rigidly fixed if 
the vibrations occur in a medium in which the resistance is proportional! to 
the velocity. Let the initial conditions be arbitrary. 

Solution: 


ln = Ou, — Qt, v>0 


u(x,t) =e” y (dn COS Wat + bn SiN gt) SiN Vagx , 


n=l 
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t t 
| glx) Sin /dagxdx, bp = ve 4+ é | f(x) sin VA,xdx 


0 Dy lu, 0 


2 
A= (+) 1 On = VAY. 


13. Let an isolated electrical conductor of length 7 with characteristic co- 
efficients L, R,C, and G =O be charged to a fixed potential v9. One end of 
the conductor is grounded at the initial moment while the other remains 
isolated during the entire time of the process. Determine the voltage dis- 
tribution in the conductor. 





Solution: 
u(x, t) = gly a. sin ae Ly - sin (Wat + Qn) , 
ga eeeit + Ue y/)___ CRE 
i 2IV LC Lr(2n + 1)? ’ 
a= a tn = Dory 


14. A string which is rigidly fastened at the ends vibrates under the in- 
fluence of a harmonic force which is distributed with density f(x, ?) = Mx) 
sinwt. Determine the displacement w(x, ¢) of-the string with arbitrary initial 
conditions. When is resonance possible and what solution results in the case 
of resonance? 

15. Solve Problem 14 under the assumption that the vibrations occur in a 
medium in which the resistance is proportional to the velocity. Find the 
vibrations which comprise the principal part of the solution for :— ~., 

16. An elastic rod of length / is in a vertical position and at its upper end 
a free-falling elevator is fastened, which at the moment it is stopped, has 
attained a velocity v.. What vibrations are performed by the rod if the 
other end is freely movable? 

17. Solve the equation 


ty = At. + bu + A 
with homogeneous initial conditions and the boundary conditions 
w(0, 7) =0 u(i,t) = B, 


where 6, A, and B are constant. 
18. Solve the differential equation 


Uy = @u,, + Asinhx 
with homogeneous initial conditions and the boundary conditions 
“u(0,7)= B ud, 7) =C, 


where A, B, and C are constant. 
19. On a homogeneous string with rigidly fixed ends x =0 and x =/ acts a 
harmonic force 
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F(t) = Py)sinat , 


which starts acting at t=0 at the point x=c (0<c< J). Determine the 
displacement u(x,t) of the string with homogeneous initial conditions. 

20. Describe the vibrations of an inhomogeneous rod of length / with rigidly 
fixed ends, which consists of two homogeneous rods connected at the point 
x =c (0 <c</), when the initial displacement has the form 


u(x, 0) = Ay for O<x 


lA 


C, 


} 
= fea f — x) for cx 
l—c 
and the initial velocity is equal to zero. 
21. Determine the vibrations of a spring which is fixed at one end while at 


the other acts a force given by 


IIA 


F(t) = A sin wt + Bsin Wot . 


22. Describe the vibrations of an inhomogeneous rod which consists of two 
homogeneous rods connected at the point x =c when one end of the rod is 
fixed and the other moves according to the law 


u(l,t)= Asinwt. 


2-4. PROBLEMS WITH AUXILIARY CONDITIONS ON THE CHARAC- 
TERISTICS 


1. Statement of the problem 


In the following discussion, we shall consider a series of problems which 
are extensions of the first boundary-value problem for the equation of a 
vibrating string. For simplicity we shall investigate phenomena only in the 
neighborhood of boundary points where the other boundary point moves 
toward infinity, i.e., we proceed from the problem for the semi-infinite line. 

The equation of the vibrating string 2. —=a@°u., is symmetrical with 
respect to x and ¢ if a =1, i.e., if the unit of time is changed by the in- 
troduction of the variable t= at’. Of course, the auxiliary conditions in- 
troduce an asymmetry in the mathematical interpretation of x and ?¢; in the 
initial conditions (for t = 0) two functions w(x,0) and w.(x,0) are prescribed, 
while in the boundary conditions (at x =0) only one function x(0, ¢t) is pre- 
scribed. 

As noted in 2-287, between the derivatives of the displacement function 
at ¢=0 and x =0 the relation 


24,(0, z) + 2,(0, 2) = 2:(z, 0) + w2(z, 0), a=, 


exists for an arbitrary z. Hence it follows that these functions at x = 0 and 
t= 0 cannot be prescribed independently of each other; only three relations 
can be prescribed arbitrarily, which proves that the auxiliary conditions can- 
not be arranged symmetrically. 
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The auxiliary conditions can be prescribed either on the straight lines 
x =0, ¢ =0 (as in the problems considered hitherto), or on Known curves in 
the phase plane. For example, if the boundary values are given on curve 
C, (x = fi(t)), then this curve, in order to guarantee the solvability of the 
problem considered, must still satisfy the determined auxiliary conditions in 
addition to certain continuity and differentiability conditions. 

We shall consider the vibration process of a gas in a tube in which a 
piston inoves. The velocity of the piston whose law of motion its given by 
x = f,(¢) cannot be prescribed arbitrarily: it must not exceed the velocity of 
sound a, [df,(t)/dt < a). Geometrically it follows that the curve C, (x = f,(2)) 
from the straight line £=0, which supports the initial value, must be separated 
from the characteristic x = at (Figure 25). Also if only one point of C, were 
to lie below the characteristic x = at, 
then the value of the function w(x, Z) 
would be completely determined by 
the initial value and could not be 
arbitrarily prescribed. The physical 
significance of these relations is as 
follows: if the motion of a gas has 
a velocity which is larger than that 
of the velocity of sound, the equa- 
tions of acoustics lose their sense 
and must be replaced by the non- 
linear equations of gas dynamics.” 

The initial conditions can be 

FIG. 25. given on the straight line ¢=0 and 

also on a curve C, (f = fa(x)), which 

satisfies the inequality | f2(x)| <1/a. Such problems can be easily solved with 
the aid of the integral vibration equation (see Section 2-2 §7). 

Without going into a complete review of all the possible boundary-value 
problems, we shall now deal more precisely with the problem in which the 
auxiliary conditions are prescribed on the characteristics. This problem is 
known as the Goursat problem. Such problems are of extraordinary interest 
from the standpoint of the physical applications. They arise in problems of 
adsorption and absorption of gases, for example, (see Section 2-6§5) with 
evaporation processes (see Problem 1, page 106) and many other problems. 





2. The method of successive approximation 


We shall first consider the simplest of the problems tn which the auxiliary 
conditions are prescribed on the characteristics. It reads as follows: 


Usy = I(x, y) 
u(x, 0) = g(x) (2-4.1) 
(0, vy) = y2(y) . 


24 See Application, Section 2-6, 4. 
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The auxiliary conditions here are given on the straight lines x = 0 and y=0, 
which represent the characteristics of Eq. (2-4.1). We assume the functions 
yi(x) and (vy) to be differentiable and related to each other by the relation- 
ship 9,(0) = ¢,(0). If we integrate Eq. (2-4.1) with respect to x and then with 
respect to y, we obtain 


uy(x, y) = u,(0, y) + | F(&, y)dé 


x 
0 


u(x, y) = u(x, 0) + «(0, y) — u(0, 0) + | an\ F(E, ndé 
or 


yer 
ule, 9) = gale) + exo) ~ 90) + | | £6, ned (2-4.2) 
0/30 

Therefore, the solution in this case, in which the differential equation contains 
neither the first derivatives nor the sought function itself, can be represented 
explicitly by the analytic expression (2-4.2). From (2-4.2) the uniqueness 

and the existence of the solution of our problem follows directly. 
We shall now seek the solution of the linear hyperbolic differential equation 


ry = A(x, yur + W(x, y) uy + C(x, yu + f(x,y), (2-4.3) 
with the auxiliary conditions given on the characteristics x =0, y=0 
ux, 0) as v(x) ? (0, y) = ¢2(¥) yg 


where ¢,(x) and ¢,(y) satisfy the above cited conditions, differentiability and 
(0) = v,(0). Let the coefficients a, b, and c be continuous functions of x and y. 

From the differential Eq. (2-4.3) we know that the function z(x, y) satis- 
fies the integro-differential equation 


u(x, y) = | fave, nue + DE, nun + cl, n)uldédy 
+ pile) + gly) — (0) +| | Fl, n)dédy « (2-44) 


0 


We shall determine its solution with the help of the method of successive 
approximations. For the zero-th approximation we choose the function 


U(x, y) =O. 


Eq. (2-4.4) then gives for the successive approximations the expression 


(X,Y) = g(x) = orl y) — 9.0) + | | T(E, y)dédn 


0J0 


Uurn(x, ¥) = u4(x, ¥) (2-4.5) 
yr 7.) 
+| [ace nya + BS, 1) MS + Al5, Witens |aSay 


0/0 / 





Incidentally we note the validity of the expressions 
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(2-4.6) 





0 rT 0 ‘ coal 6 na Sand n 
UL Sewn are | a is ft + B(, y) yt “+ C(E, y)itn- fe : 
0 


In order to demonstrate the uniform convergence of the following sequences 


On On 
{tn(x, ¥)} , {7 (x, yi} ; { ay (x, yh, 


we shall consider the differences 
2AX, y) = UnsilX, y) = UrlX, y) 


ye 
=| | [ a0 Men + 5(é, y) Meant + c(&, n)znl€, n) |aan , 
0 Jo S y 





OZn(X, ¥) _ Ottnis(X, Y) Ola X,Y) 
ox ax ax 


2 02n- O2Zn-1 
=| [acm Sot + Wx, 9) Z 





4 ex, yen alt, 1) [an 


OzAX,Y) _— Olnsi(XyY) —_Oln( X,Y) 


oy oy oy 
[| ae SEH + 06, BE + ole, waned 9) fa 
y 


0 


lI 


Let M be an upper bound for the absolute values of the coefficients a(x, y), 
b(x, y), c(x, y), and H an upper bound for the absolute values of the function 
Zo(x, y) and its partial derivatives 


lal<H, |%len, (leu, 
ay 














where x and y vary in a square (0X x5 L, OS ySL). We shall now esti- 
mate the functions z,, 02z,/@x, 0z,/¢y according to the above. First, the in- 
equalities are valid; 


lzi| < 3HMxy < sume 


a < 3HMy < 3HM(x + y) 








92 < 3HMx < 3HM(x + 9), 








and the recursion relations 








zal <3HM*K™ RC ane ble 
(2+ 1)! 
O2n < 3HM*K™ 1 (x + y)” 
Ox n!} 
OZn < 3HM"*K™ (x + y)” 











oy n! 
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where K > 0 is a constant number whose value will be specified later. With 
these estimates and the formula for the (2+ 1)th approximation we obtain 
after a series of simplifications 


nt2 
zee 3HM™'K™ ESF (= ty 2) < 




















(n+ 2)! \n+3 
m2 2KLM)*** 
<3HM™ Ket) 3H (2KLM) 
(n+ 2)! Kk°M (n+ 2)! 
n+l 
OZn+1 < 3HM"™tN' KK! (x + 9) (443 +2) < 
(27+ 1)! n+2 
n+l 2KLM)*** 
< 3HM""'K" (x + ¥) 3H (2KLM)_ 
(a + 1)! kK (n+1)! 
Zn ntizrn-i (X + yj"! (Con ay \< 
< 3HM"™ Ket 2 
(2+ 1)! n+2 
ntl 2KLM)**! 
< 3HM"! n(xX+ y) 3H (2KLM)""_ 
K (2 + 1)! K (x + 1)! 
where 
kK=2L4+2. 


On the right sides of these inequalities we have, to within constant factors, 
the general term in the series development of e’“*“. Thus the above estimates 
show that the sequences of functions 


Un = Up + 2, tees t+ 2-1 








Otln Go O21 |, OZ nm 
ie ag pe ee 
Ou, Oly 02, OZn-1 
eS Se, a eg ee ee 
oy oy ag oy vi oy 


converge uniformly. We shall denote their limit functions by 


u(x, y) = lim in(X, ¥), 








Ux, y) = lim Mit (x, ¥), 
w(x, y) = lim os (a): 


By passage to the limit under the integral signs in (2-4.5) and (2-4.6) we then 
find 


u(x, y) = (x, y) + | f [a(é, y)v + O(€, yw + clé, yuldédy , 
Oy 


ox 


w(x, y) = Ss, y) + \ [a(é, vu + OG, yw + c(§, valde . 
Ag 0 


Ut, V) = —— (x,y) + | [a(x, y)v + B(x, yw + c(x, y)uldy , (2-4.7) 
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Hence the following equations 
w= uy; w=; 


establish the fact that u(x, y) satisfies the integrodifferential equation 
ye 
ux, y) = gulx) + gly) — GO) + | | SE, ndédy 
0/0 
yer 
+ | | [a(E, nue + DE, 2) + c(E, n)uldédn (2-4.4) 
0/0 
and also the original differential Eq. (2-4.3). We verify this directly by dif- 
ferentiation of (2-4.4) with respect to x and y. Moreover, as one easily sees, 
u(x, y) satisfies the auxiliary conditions. 
The uniqueness of the solution of the stated problem will now be de- 
monstrated. If we assume the existence of two solutions 2,(x, y) and w(x, y), 
we obtain for their difference 


U(x, y) = u(x, y) — u(x, y) 


the homogeneous integrodifferential equation 


y 


Us yy= | (GU b0, 4200 atin: 


030 
Now if H, is a common upper bound of the magnitudes | U|, | U,| and | U,| 
forOsxsLandO0sySL, then by a repetition of the estimates which led 


to those on the function z,(x, y), the correctness of the inequality 


n+2 ae 
<3H,.M™iKee to. 3h (2KLM) 
"2 . (2 +2! ~ KM” (n +2)! 





for an arbitrary value of » follows easily. Hence it follows that 
U(x,y)=0 or — u(x, y) = tee(x, y), 


whereby the uniqueness of our solution is shown. 
If the coefficients a, 6, and ¢ are constant, then Eq. (2-4.3) with the help 
of the substitution 
wu = vert#? | 
can be brought to the form 
Vy +Cwv=/. (2-4.8) 


For C,=0 we obtain the simple Eq. (2-4.1) whose solution was given by 
formula 2-4.2. 

By contrast, if C, #0 then we obtain for the solution of (2-4.8) an explicit 
analytic representation by the method given in Section 2-5. 


Problems 


1. Air with a velocity v passes through a tube (x > 0) which is filled with a 
moist fluid. Let v(x, f) be the concentration of the moisture in the saturated 
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substance and u(x,t) be the concentration of the free vapor. What equations 
are satisfied by the functions u(x,t) and v(x, ¢t) describing the drying process 
when (a) the process proceeds isothermally; and (b) the dry isotherm has the 
form “«=7-v where? is the isothermal constant (see also Section 2-6, Applica- 
tion 5)? 

2. Hot water with velocity v flows through a tube (x >0). Let « be the 
temperature of the water in the tube, v the temperature of the walls of the 
tube, and wz) the temperature of the environment. Derive the equations for 
w and v by neglecting the temperature distribution in the individual cross 
sections of the tube and the walls. Assume further that a temperature 
gradient exists at the boundaries of the water-tube wall and the wall environ- 
ment, and that the flow of heat follows Newton’s law (see Chapter 3-1). 


2-5. SOLUTION OF GENERAL LINEAR HYPERBOLIC DIFFERENTIAL 
EQUATIONS 
1. Adjoint differential operators 


In order to represent the solutions of boundary-value problems in integral 
form we need some auxiliary formulas. Let 


Ltt] = use — ttyy + Q(X, ylux + D(x, y)ity + clx, yu, (2-5.1) 


where a(x, y), d(x, y), c(x, y) are differentiable functions, be a linear differential 
operator corresponding to a linear hyperbolic differential equation. We 
multiply ZL[w] by a function v and write the individual summands in the form 


VUrx = (Vix), — (Vy), + UV yx 
Uttyy = (Vity)y — (VyU)y + Udy, 
vau, = (avi), — u(av), 

vbu, = (bvu), — u(bv)y 

veu = ucv. 


By summation of the individual summands we obtain 


SiS (25.2) 

Ox oy 

where 

M[v] = x2 — Vyy — (av), — (bv), + cv (2-5.3) 
H = vu, — vu + avu = (vu), — (20, — av)u (2-5.4) 
=— (vu), + (2u, + au)v (2-5.4’) 
K =— vu, + vu + bvu =— (vu), + (2v, + bv)u (2-5.5) 
= (uv), — (2a, — bu)v . (2-5.5') 


Two differential operators L and M are said to be adjoint to each other 
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if the difference 
vL[u] — uM[v] 


is equal to the sum of the partial derivatives of the expressions H and K 
with respect to x and y. 
In particular, if L[u] = M[z], then the operator L is called self-adjoint. 
For the double integral, the difference vL[u] — «M[v], where « and v are 
twice differentiable functions throughout a region G which is bounded by a 
piecewise smooth curve C, we have 


| | oz — uM) \dédy = | (Hdn — Kdé) (2.5.6) 
a Cc 
(Green’s formula). 


2. Integral form of the solution 


We shall apply Formula (2-5.6) for the solution of the following problem. 
Find a solution of a linear hyperbolic differential equation 


Llu] = tr — Uyy + A(X, yur + O(x, yu, + e(x, yu =— f(x, y) (2-5.7) 
which satisfies the initial conditions 


ule = g(x), Unle = Y(x) 


on a curve C (u, is the derivative in the direction of the normal to the curve C). 
Obviously the operators Z and M are adjoint to each other. 
Hence let C be given by 


y=f(x) 


where f(x) is a differentiable function. On 
the curve C we impose the requirement that 
every pair of characteristics y — x = const. 
and y+ x=const. intersects curve C at 
most once (therefore it is necessary that 
| f'(x)| <1). Formula (2-5.6) then yields for 
the curvilinear triangle MPQ which is 
bounded by the arc PQ of C and the sep- 
ments of the characteristics MP and MQ 
FIG. 26. (Figure 26). 





| | (vL[u] — uM [v]\dédy 
MIJPQ 


M P Q 
= (Hdy — Kdé) + | (Hdn — Kdé) + | (Hay — Kdé). 
Q a P 
We perform the first two integrals which are taken along the characteristics 
MQ and MP, and by taking into consideration the relations 


dé =— dyn yeas on the characteristic QM 


V2 
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dé = dyn aes on the characteristic MP 


V2 


(where ds is the element of the arc along QM and MP), and the formulas 
(2-5.4) and (2-5.5), we obtain 











M M Mf ov a + b 
Hdy — Kdé)=—\ d — — = 
\ 0 €) \, (uv) a 7 VB v)uds 
M 
=—(uv)y + (uv)e + \. Ga — a v)uds 
and correspondingly 
P ase = 
|" (Hay — Kas) =— (wu + (wade + "(ee Ste nas 


From this and from (2-5.6) it follows that 


_ (uv)p + (uv)o \(S-ye) "(2 -Se) 
(uv) 4 9 + ae aa” uds + hice ae” uds 








+ 5 | (Hay ~ Kd) Z| | (vL{u] — uM[v)dédp . (2-5.8) 
2 \p 2 Jude 

This relation is an identity which is correct for arbitrary but sufficiently 
smooth functions # and v. 

Now let #« be a solution of the problem with above stated initial condi- 
tions, while v depends on the point M as a parameter and fulfills the require- 
ments 








M{v] = vee — Van — (av)¢ — (dv)y + cv = 9 (2-5.9) 
in the interior of 4MPQ 
and 
si = Wak on the characteristic MP 
/ 
oe = soe on the characteristic MQ (2-5.9') 
v(M) = 


From the conditions which must be fulfilled on the characteristics and the 
last condition we then find 


, (b—a)/(2V2) ds 
ve *0 on MP 


\’ (b+a)/(2¥2) da 
v=e "0 on MQ 
where s, denotes the value of s at the point M. As we saw in Section 2-4, 
Eq. (2-5.9) and the value of v on the characteristics MP and MG define the 
function v completely in the region MPQ. The function » is ordinarily called 
the Riemann function. 
Consequently formula (2-5.8) for a function u which satisfies Eq. (2-5.7) 
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takes the following definitive form: 


(uv)p + (uv) 


u(M)= 9 


Q 
+ F |, loud + UndS) — uvedy + Und) + uv(ady — bdé)) 


+5 W(M,Mf(M dew, dow = dédy . (2-5.10) 
MPQ 

The stated problem is solved by this formula since the expression which 
stands under the integral extended along PQ contains only functions which 
are known along C. The function v has already been defined above while 
the functions 


ule = 9(x) 
g(x) — p(x) f “x)V 14 F(x) f(x) 
cesar 


ae x) f(x) + V1 + f(x) 
LaF “tx) 


Uz = U,COS(X, S) + Ua COS (X, nN) = 


uy = UM, COS(y, S) + Uy COS (y, 2 


can be calculated from the initial conditions. 

If the initial conditions along the arc PQ are known, the function w in 
the triangle PMQ can be completely determined according to formula (2-5.10) 
when f(x, y) is known in this region.” 

Formula (2-5.10), obtained under the assumption of the existence of a 
solution, defines the solution from the initial conditions and the right side of 
Eq. (2-5.7). Most important, it also proves the uniqueness of the solution 
(compare it with the D’Alembert formula, Section 2-2). 

It can also be shown that the function z defined by (2-5.10) satisfies the 
conditions of the problems. 


3. The physical interpretation of the Riemann function 


In order to clarify the physical meaning of the Riemann function u(M, M’) 
we shall first determine the solution of the inhomogeneous equation 


Luj=—2f1, f= 2f 


with homogeneous initial conditions on a curve C. We see from (2-5.10) that 
the desired solution has the form 


u(M) = \\ v(M, M') f\(M\doy: (2-5.11) 
MPQ 


If we now assume that /,;(M), except in a small neighborhood S, of the point 
M,, is everywhere equal to zero and satisfies the normalization condition 


25 If the characteristics intersect the curve C at the two points P and M, (Figure 26), 
the value u(M;) cannot be arbitrarily given. On the contrary, it is determined accord- 
ing to formula (2-5.10) by the initial value on the arc PQ; and the value of f(x,y) in 
4PM,Q;. 
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| | Me rd =; (2-5.12) 
Se 
Then the above formula for we(M) assumes the form 
eM) = | joc M'\f(M dow « (2-5.13) 
Se 


By use of the mean-value theorem we can write 


ue(M) = o( M, m)| | AU dow = »(M, Mi"), 


Se 
where M;* is a determined point in S,. 


If now the e-neighborhood S; of the point M, shrinks («—0) then we obtain 
uM) = limue(M) = o(M, M,). (2-5.14) 
e -0 


The function /,, as we have already seen in a series of examples, represents 
a force density whereas y denotes the time. The expression 


| | Mt dow as | 
Se 


then denotes the impulse of the force. Hence, because of (2-5.11) we conclude 
that v(M, M,) is the influence function of the unit impulse acting at M,. 

The function o(M, M,) = v(x, y; &, 7) can be defined as a function of the 
parameter M(x, y), which with respect to the coordinates €,y of the point 
M, satisfies the equation 


| FilE, n)dédy (2-5.15) 


Se 


Me.» {v] =0 (2-5.16) 
with the auxiliary conditions (2-5.9’). 
We shall now consider the function 


u=u(M,M,), 


which depends on the parameter M,(é, 7) and with respect to the coordinates 
x, v of the point M satisfies the equation 


Le. y{u] = 0 (2-5.17) 
with the auxiliary conditions 








a = oe" on the characteristic MQ, , 
= = mead on the characteristic M,P,, (2-5.18) 
u(M,, M;) => 1 ‘i 
From these conditions there results 
\ (b—a)/(2¥2) da fs 
ee on 
u(M, M,) = 1@, 
{" (btay}(2¥2) da (2-5.19) 
e*° on M;P, 


u(M,, M,)=1. 
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In the quadrangle MP,M,Q,, which 
is bounded by the intersection of the 
characteristics MP,, MQ,, M,P, and 
M,Q, (Figure 27), u is completely deter- 
mined by Eq. (2-5.17) and the conditions 
(2-5.18). 

If we apply formula (2-5.6) to the 
quadrangle MP,M,Q, we obtain 





FIG. 27. 


(| (oii Wek oNdedn 
MP iM jQy 


Py 14 Q1 My 
=| (Hay — Kas) + | +| +| =0. 
a6 Q; My Py 

If we use formulas (2-5.4) and (2-5.5) for K and IH and the conditions (2-5.9’), 
the first two integrals on the right side can be easily calculated 


P 
| (Hdn — Kd) =— (uv)y + (wv)p, , 
Mf 

MW 
| (Han — Kdé) =— (uv)y + (ure, , 
0, 
just as in the derivation of formula (2-5.10). .. 


In a similar manner we find with the use of equations (2-5.4’) and (2-5.5’) 
as well as conditions (2-5.19) 


Af Af 4 
| ‘(Hdy — Kdé) = | = (vujedn — (uv),dé] + | ol Quay + 2u,dé) + (audy — budé)] 
Py Py Py 








: @s 212 
di =—dq= Se, [i lay — Kee) = — (dle, dé = dy =F 
By addition of these equations, we obtain 
2(uv)y = 2(uv)y, 
or 
u(M, M,) =(M, M,), (2-5.20) 
since 


(V) a4, =(v)y=1. 


The influence function of the unit impulse acting at the point M, can also 
be defined as the solution of the equation 


Le, »ylo(M, M;)\ = 0 , 


with auxiliary conditions (2-5.18). 
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4. Differential equations with constant coefficients 


As the first example of application of formula (2-5.10) we shall consider 
the following initial-value problem for the equation of the vibrating string: 


Uyy = Ux, + filx, f), yaa, A=, 


u(x, 0) = o(x), 
uy = P(x), y=. 


As in (2-5.10) a strip of the axis y= 0 occurs as the arc PQ. The operator 
L =u, — tyy 
because of 
M=L=4u,, — yy 


is self-adjoint. 
Because a = 0 and 6 =0, v equals one on the characteristics MP and MQ. 
Hence it follows 
vo(M, M’) =1 
for every point M’ which lies interior to the triangle PMQ. 
Now in our case, 
dj=—O0° Aor PQ. 


Thus we obtain 


Q 
u(M) = a aA tod 8 +5 F(, n)dédn . 
2 2 Sp 2 Spud 
If we bear in mind that P= P(x — y,0), Q@ = Q(x + y,0), where x and y 
are the coordinates of the point M= M(x, y), we obtain by use of the initial 
conditions 


_ aty yertly—m) 
ulx, y) = ae eA (Ede + z\ | ful€, n)dédy 


2 xm-y 2 0 Jx-—(y-) 


For the variables x and ?¢, therefore, we arrive at the formula 


aes ] xtat t extalt—7T) 
te, ) = MESO MET + az), eae + Z| [FG water, 
2a x-al 2a 0 Jx-a (t-T) 


which we recognize from Section 2-3§7. 
As a second example we shall consider the following initial-value problem 
for differential equations with constant coefficients: 


Use — Uyy + Gu, + buy + cu =0 (a,b,c are constants) (2-5.21) 
U\y-0 = 9(x), (2-5.22) 
ty|y=o = Y(x). (2-5.23) 


The substitution 
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Gane (2-5.24) 
transforms Eq. (2-5.21) into the simpler form 
Uz, -—Uy+eU=0, 6 = Udo — at — Bt) (2-5.25) 
with the auxiliary conditions 
U|y=0 = glx)e'* = ¢,(x) (2-5.22’) 
Uy |y=0 = (se) = 91s) jer = ¢\(x) (2-5.23’) 


only when the parameters 4 and p are suitably selected; that is 


r=£, 0 p= £ (2-5.26) 
The determination of the function 
U(x, y) from the initial conditions and 
Eq. (2-5.25) leads to the construction 
of the Riemann function v(x, y; é, 7). 
The function v must satisfy the 





P(x -y,0) Olx+y, 0} * conditions (Figure 28) 
FIG. 28. ~ Viz — Vyy $ CyV = 0 (2-5.27) 
v=l1 on the chardeteristic MP, (2.5.28) 
v=1 on the characteristic MQ. 
We chose v in the form 
v = v(z) (2-5.29) 


with 
z=V (x — 6) —(y— 7) 
or (2-5.30) 
z= (x —&)*—(y—7)’. 
On the characteristics MP and MQ, z is equal to zero so that v(0) = 1. 
The left side of (2-5.27) can be brought to the form 
Vix — Vyy + CU = 0" (2\ze — 25) + vo (z)\2ee — Zy) FOV =O. 
By differentiating twice the expression for z” (with respect to x and y), we 
obtain 
2z7=x—6€& 
zzy =— (y — 9) 
cy eee eae | 
22yy #25 =— 1. 


From this and from (2-5.30) it follows 
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z—-z=1, 211 — Zyy = — 
Consequently, the equation for v can be written in the form 


vy" seg +cv=0 
z 


with the condition v(0) = 1. A solution of this equation is the Bessel func- 
tion of the zero order (see Appendix) 


v(z) = Il V €12) 
or 
w(x, ¥; & 9) = IAV c, [lx — 6)? — (y —7)']). (2-5.31) 


For the determination of U(x, y) we shall now use formula (2-5.10) which in 
our case reads 


U(M) = UP) + VQ) mw F |, (oUnaé ~Umdé), dy=0. (25.32) 
; 


First we calculate the integral along PQ (yn = 0): 


[Coy — onde =| {Joelle =F = FD Uuls, 0 


— UE. OW oye Vix a= Nae, (2-5.33) 


Vei[(x — & — y'] 
On the basis of the initial conditions (2-5.22’), (2-5.23’) we find 


= x+y = ee 
GG js OF ee, +5\ T(Ve, V(x — 8 = y*)b(E)dé 


2 2 
LP AV Vie = y)oildé 
jae | AAV Gr V (x= 5) — Yolo )ae (2-5.34) 
aa Pr Vie—- fy 


from which because of (2-5.24), (2-5.22') and (2-5.23’) there results the formula 


Wx ele" + oe + yee 
2 


A wf 8 rae Wao btee 
~se | {Ve a—ar—y) 


x-y 


u(x, y) = 


(Vc, V(x — 6)? — y’) 


ji \ =(a/2) (2-8) d 
+Vay Ve e glé)dé 


xty 
+4 os TMV ey Vix - E)? _ y’) @ MIG-O WEE (2-5.35) 


which represents the solution of our problem. 
We shall consider the special case a = 0, b= 0, i.e., the equation 


ler — My + cu = 0. 
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From (2-5.35) directly follows 


ie = wea ees + - ie "T(Ve, Vie — vGE)dé 


= 2VG C cde Aa VG Sy) . 
i. Vaan ee 


If we put c, =0 and y=at, we arrive at the D’Alembert formula 


u(x,t) = g(x — at) + g(x +. at) a7 


a +37 g(E)dé . 


x—at 
This solves the equation of the vibrating string 
1 
Ure — —yuee = 0 
a 


with the initial conditions 
u (x, 0) = (x) 
u(x, 0) = (x) 
Dx) = ag(x) = auj(x, 0). 


Problems 


(2-5.36) 


(2-5.37) 


1. Solve Problem 1 from Section 2-4 under the assumption that at the initial 
moment the concentration of the liquid in the entire tube is constant and dry 


air Streams in through an opening. 


2. Solve Problem 2 from Section 2-4 under the assumption that the initial 
temperature of the system equals wz) while the temperature at the ends of the 


tube during the entire time maintains a constant value vy > w%. 


3. Find a solution of the telegraphic system of equations (see Eq. (2-1.21)), 


1, + Cu. + Gv=0 
vi+ Li, + Ri =0 


for the infinite straight line with the initial conditions 


1(x, 0) = g(x), 
v(x, 0) = g(x). 


Hint: First reduce the equation system to an equation of the second order 


for one of the functions (x, ¢) or v(x, t), then find, for example, 
tye = CLin + (CR + GL) + GRi 
with the initial conditions 


1(x, 0) = g(x) , 


1 Rr. = hit es = 


ai 
ot t=0 





Then use formula (2-5.35). Investigate the solution of the telegraphic equation 


2-6. APPLICATIONS TO CHAPTER 2 117 


which is obtained for small G and R, formula (2-5.35). Consider the limiting 
case G0, R-O0 and obtain from (2-5.35) the D’Alembert formula for the 
solution of the equation of the vibrating string. 


2-6. APPLICATIONS TO CHAPTER 2 


1]. The vibration of strings of musical instruments 


A vibrating string produces vibrations in the air which the human ear 
perceives as the tone emitted from the string. The tone strength is deter- 
mined by the energy or the amplitude of the vibrations, the tone pitch by 
the vibration period, and the tone color by the energy relation between the 
lowest tone and the overtones.” 

We shall not go into the physiological process of sound perception and 
the propagation of sound in air; on the contrary the acoustic effect produced 
by a string is characterized by the energy, the period, and the distribution 
of the energy in the overtones. 

Ordinarily in musical instruments transverse vibrations of the strings 
are generated. We can distinguish three types of string instruments, depend- 
ing on whether the strings are stroked, plucked, or struck. Strings which 
are struck (for example, in a piano) are thus given a fixed initial velocity, 
but undergo no initial displacement. With the plucked instruments (for ex- 
ample, a harp or guitar) the strings are made to vibrate from a fixed initial 
displacement without initial velocity. 

The free vibrations of a string excited in an arbitrary manner can be 
represented in the form (see Section 2-3) 


u(x,t) = > (a, COS ant + b, sin wnt) sin x : On = 74 
n=l 
Problem 1 given in Section 2-3 as an exercise underlies the very simple 
theory of vibration of the stroked instrument. The solution of this problem 
shows that the above coefficients are given by 


2hi? . mAC 
es phan i 0 2-6.1 
nn’ c(l — c) ae i? : ( ) 


a, = 


provided that the initial displacement has the form of a triangle with the 
height # at the point x =c (Figure 29). For the energy of the mth harmonic 
vibration we find 
1 22 2 la’ 9 NC 
E, = —plo,a, = Mh’ =z sin’ — , M= ol 2-6.2 
gar xn'c*(l—c)* i p ( ) 
which is inversely proportional to n’. 
In Problem 4, Section 2-3, the simple theory of the struck string was 
investigated; that is, the string was excited by a concentrated blow with an 
impulse K at a point c. The solution of this problem has the form 


26 Rayleigh Theory of Sound, 2d ed., Vol. I, Ch. VI, London, 1894. 
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2k 2 1... x1€ n mn 


u(x, t) = map. 2G : sin. Sinw,t , On = (2-6.3) 
2 
By = sin HE (2-6.4) 


Consequently, for a string which is excited by a concentrated blow in a 
small interval of length 6, (for which 6 is small in comparison with the 
diistance between the individual nodes) the energies of the different harmonics 
can differ only slightly, and the tone of a 
string thus excited produces overtones to oa 
a strong degree. This conclusion can be 


easily demonstrated experimentally as 
follows: If a stretched string (as in a 
monochord) is struck with the edge of a 


knife, then it rings very clearly, i.e., the 
overtones are very noticeable. In the FIG. 29. 

piano, the strings are struck by hammers 

which are padded with felt or leather. Such an excitation of the string can 
be represented by the following scheme: 

(1) Let the string under consideration be excited so that it obtains a 
constant initial velocity v, in the interval (c — 6,c + 4). This case corresponds 
to a flat rigid hammer which has a width of 26 and strikes at the point c. 
Here the vibrations are described by the function 


4u,f 2 1 _.. ane mn 
—“ >¥ = sin — sin THs sin x sin wnt 
5 l 


u(x, t) = a ie ] 7 


(see Section 2-3, Problem 3) while the energy of the individual harmonic 


vibrations is given by 
2 
4Mvo _. 2xnc _. exnd 
—sin’ —.. 


E,= sin 
: nn? 1 l 





(2) The string is excited by an initial velocity of the form 


Te 





oe 0) = ‘ania 1S for |x—c|<6é 
a 0 for |x—c|>6. 
This case corresponds to a rigid convex hammer of ‘‘width’’ 26. Such a 
hammer gives the string at the center of the interval 2d the largest initial 
velocity described schematically by the last-mentioned function. The vibra- 
tions so produced have the form 
cos 6+ sinwZ¢ 
Sie =] 1 : 
u(x, t) = ~— ny] (en sin x - sin wat 
ra asin = =) 





(see Section 2-3, Problem 3). The energy of the th harmonic vibration is 
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2-2 n 
» _ 16u0d"p 1 276. 2 TNC 
E, = cos’ ——sin* —— , 


Terr 
l 


(3) A hammer which strikes a string is not ideally rigid. Then the 
vibrations are no longer determined by the initial velocity but by a time- 
varying force. Thus we arrive at an inhomogeneous equation with the 
function 


. K—c xn ..ant 
F, cos _— a = 5 <j< 
Faget!” re) ; eae for |x~—c| <6, OSt<r, 





0 for |x—cl|>6, t>t 
in the right-hand member. The solution of this equation for ¢ >t reads 


ae THO cos 222 a TAC 
16F,756 2 1 l 2 L ._ mm. T 
u(x, t) = ———_ oo Sin Sr Sino t—-—). 


mpd n=1n [2 _ (#)] [1 _ (2) ] l 2 
I l 


The above example shows that the width of the interval on which the 
blow acts as well as the duration of the blow has a substantial influence on 
the energies of the higher overtones. Moreover the appearance of the factor 
sin (z2/1)c shows that when the center of the blow lies at a node of the nth 
harmonic, the energy of the harmonics are equal to zero. 

The appearance of higher overtones (from the seventh on) disturbs the 
harmonics of the sound and produces a dissonance phenomenon.” Conversely, 
the presence of lower overtones produces a greater sound volume. In order 
to reduce the energies, the striking point in the piano is chosen in the 
neighborhood of the point of attachment, between the nodes of the seventh 
and cighth overtones. By a suitable selection of the width of the hammers 
and the cushioning, an increase of the energy of the lower (the third and 
fourth) overtones is again obtained. With older types of pianos, the use of 
narrower and harder hammers produces a shriller and even a clinking tone. 





2. Vibrations of rods 


Differential equations of the second order occupy an important place in 
textbooks on methods of mathematical physics, although many vibration 
problems—for example, the vibration of rods, plates, etc.—lead to equations 
of higher order. 

To exemplify an equation of the fourth order, we shall consider the 
natural vibrations of a tuning fork. This problem is equivalent to the 
problem of the vibration of a thin rectangular rod which is permanently 


27 When, for example, the basic frequency (the first harmonic) corresponds to 440 
vibrations per second —A in the center octave—then at the sevenfold frequency the 
A, G of the fourth octave is produced. The interval A-G, the so-called minor seventh, 
is unpleasant to the ear and is felt as a dissonance. 
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fixed at its ends as in a vise. The determination of the form of the vibra- 
tions of a tuning fork and its frequencies leads to the equation of a transverse 
vibrating rod, 








ale (2-6.5) 


From this equation we are led to several problems in vibrations of rods, the 
calculation of the stability of rolling waves, and investigations of the vibra- 
tion of vessels.” 

To give an elementary derivation of (2-6.5) we shall consider a rectan- 
gular rod of length /(0< x </) of height # and of width 65 (Figure 30). Let 





FIG. 30. 


dx be the length of an element. The boundary surfaces of the chosen rod 
element, which is assumed as planar, after the deformation forms the angle 
dy as shown in the figure. If the deformation is small and the length of 
the rod axis does not change under the deformation (d/ = dx) then 


a2 
egrets 
= 2 

xtdx Ox 





LO: 


x Ox 


ay 
dg =— 
? Ox 


dx 








is valid. The section of the rod which is at a distance 7 from the rod axis 
y =0 changes its length by an amount ydg (Figure 31). Therefore, according 
to Hooke’s law the tension acting along the section is equal to 


a2 
dN = E+ bdy- 22 — Fb 22 dy, 


where £ is the modulus of elasticity of the corresponding section. The 
complete moment of flexure of the force acting on the slice at x is 





a2 h/2 a2 
M = -ES3 o| gidy = -E25 J, (2-6.6) 


ta] —h 
where 


28 See for example, the monograph of A.N. Krylov, The Vibrations of Vessels, 
Moscow, [and] Leningrad, 1948, 
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er es bh 
J= o| sa! dy = 75 
is the moment of inertia of the rectangular layer 
with respect to its horizontal axis. We denote by 
M(x) the moment acting on the slice at x on the 
right side of the rod. Then obviously (M+ dM) 
is the moment of the force corresponding to the 
slice at x + dx. 
The moment dM coincides with the moment 
of the tangential force 








dM = Fdx. 
Hence, because of (2-6.6), we obtain 
aM ay 
F =—= —EJ]J— 2-6. 
(x, t) oe Ie (2-6.7) 


for the magnitude of the tangential force 
If we set the resulting force on the element under consideration, 


4 
gp! Ss py ae. 
Ox Ox 





equal to the product of the mass of the element by the acceleration 


ay 
OE dx, 





oS 


where p is the density of the rod and S is the area of the cross section 
(here we neglect the rotary motion arising from the distortion), we obtain 
the equation of a transverse vibrating rod: 
ay 2 a‘y 2 EJ 
—t+da——=0, a=—., 2-6.5) 
at? ax* eS ( 
The boundary conditions at the fixed end x =0 are the immovability of 
the rod and the horizontal position of the tangent: 
ov 


=| =0. 2-6.8 
x=0 Ox 


x=0 








At the free end the moment of flexure (2-6.6) and the tangential force 
(2-6.7) must be equal to zero. This yields 
ay ay 

ax? x=1 . ax* 

In order to completely define the motion of the rod even the initial 
conditions (the initial displacement and initial velocity) must be given in the 


form 





= 0: (2-6.9) 


xz=t 











ie echGh, aad? ~25) cage, Gee et: (2-6.10) 
° t=0 at t=0 
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The problem considered therefore leads to the solution of equation (2-6.5) 
with boundary conditions (2-6.8), (2-6.9), and the initial conditions (2-6.10). 

We shall solve this problem by separation of variables with the aid of 
the expression 














y= V(x) Tt). (2-6.11) 
By putting (2-6.11) into (2-6.5) we obtain 
POO: - YG) 
aT (t) Y (x) , 
from which the eigenvalue problem 
y™ —ay=0 (2-6.12) 
et a i i Ce 


results for Y(x). The general solution of Eq. (2-6.12) reads 
Y (x) = Acosh 72x + Bsinh 4/2x% + Ccos 42x + Dsin Y2x. 


From the conditions Y(0)=0, Y’(0)=0, we find C=—A and D=-—B. 
Hence it follows that 


Y(x) = A (cosh 2x — cos ¥27x)+ B(sinh ¥2x—sin Y2 x) . 
From Y"(l) =0 and Y’’'(/) =0, we find 
A(cosh 721+ cos ¥71) + Bisinh 4214+ sin Y¥2) =0, 
A(sinh 21] — sin 4/21) + B(cosh ¥21+4+ cos YA) =0. 


This system of homogeneous equations possesses a nontrivial solution A and 
B, provided its determinant is equal to zero. If we set this determinant 
equal to zero then we obtain the eigenvalues from the transcendental equation 


sinh’ 4/2] — sin® 4/21 = cosh? 4/21 + 2cosh ¥2l cos ¥21 + cos’ Y21. 
Because cosh’x — sinh’x = 1, we can write 
coshy:cosy=—l, p= ¥al. (2-6.14) 


The roots of Eq. (2-6.14) can be calculated without difficulty’, as, for example, 
graphically we find 


Ves: 
Le = 4.694 ’ 
Ls = 7.854 , 


Ln wy (2n — 1) for n>3. 


29 For the calculation of the roots of Eq. (2-6.14) see Rayleigh, op. cit., fn. 26. 
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The last formula accurately gives the value of uw, for 2 =3 to the third 
decimal place and accurately for » =7 up to the sixth place. 

Now we shall consider the frequency of vibration of a tuning fork. The 
equation 


T’ +@2,T =0 
is satisfied by the trigonometric functions 
T,(t) = a, cos 2zv,t + 6, sin 2zv,t 


with the frequencies 


Wh _ Vi /ED_ oh /EL 


rn On 2x V pS 2al*Y pS” 
The frequencies yu, of the eigenvibrations therefore behave as the square 
of w,. Because 
2 
= — §.267 , 


2 
1 


= 17.548 


BAB. 


=r 


L 


the second eigentone is more than two and one-half octaves higher than the 
base tone, i.e., higher than the sixth harmonic of the string with equal base 
tones, while the third eigenvibration is more than four octaves higher than 
the base tone. If the tuning fork, for example, has as a basic frequency of 
440 vibrations per second (usually one takes for A’ the small A of the 
first octave) then the following eigenfrequency of the tuning fork equals 
2757.5 vibrations per second (between C’’”’ = 2637.3 and F’’” = 2794.0, thus 
between the E and F of the fourth octave of uniformly tempered scale) while 
the third eigenfrequency of 7721.1 vibrations per second already is higher 
than those frequencies used in music. 

If the tuning fork is set to vibrating by a blow, higher frequencies ap- 
pear in addition to the first, which explains the initial metallic sound. The 
higher harmonics are nevertheless quickly damped so that the tuning fork 
soon rings out with the pure basic tone. 


3. Vibrations of a string loaded by masses 


1. Statement of the problem. In the following discussion, we shall limit 
ourselves to vibrations of a string (0, /) fixed at the ends and loaded at fixed 


points x = x;(i=1, 2,---, ) by concentrated masses ™;. 
The conditions at point x; can be of two different types. If a concentrated 
force F,(t) acts at point x; (¢@=1,2,---,), the conditions 
u(x; — 0, t) = u(x; + 0, Zt) (2-6. 15) 
ku, | 7) = —F; (2-6.16) 


must be satisfied. In the present case, F; signifies an inertial force. If we 
substitute into (2-6.16) the following 


F; => —Myunlx:, t) ’ 
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then we obtain 
Mili, t) = ku, | 20. (2-6.17) 


The condition (2-6.17) can be derived by still another method. First we 
distribute the mass ™; in the interval (x; —«, x; + ¢) with uniform density 
6; and then use the vibration equation for the inhomogeneous string 

0 Out 
(0 + 6;) te = $ (4) xj-e<xcxute, (2-6.18) 
ox\ Ox 
where p is the density of the string. Let me(x, t) be a solution of this equation. 

By integration of Eq. (2-6.18) with respect to x from x;—e to x; + ¢ and 
passage to the limit as «0, the condition (2-6.17) results for the function 
u(x,t) = lim ate(x, £). We shall not go into a more precise investigation of the 

ae 


passage to the limit. 
The complete formulation of our problem then reads: 
Find a solution of the equation 


au a/,0u 
— 2 [ou 2.6.19 
OOF G9) ( 





which satisfies the boundary conditions 


u(0, t) = ot . (2-6.20) 
u(l, t) = 0, 
the transition conditions 
u(x; — 0, t) = u(x; + 9, f) ed ee (2-6.21) 


Miuin(xi, t) = ku, | 2878 


247 


at the point x = x,;, and the initial conditions 


EGS. 0) \ (2-6.22) 
u(x, 0) = P(x) 
where g(x) and ¢(x) are prescribed functions. 
2. Eigenvibrations of a string loaded by masses. We shall first consider 
the eigenfrequencies and the profile of a standing wave for a loaded string. 
Therefore, we shall seek the solution of this problem in the form 


u(x,t) = X(x) T(t). (2-6.23) 
If we substitute (2-6.23) into (2-6.19) and use the boundary conditions, we 
obtain by separation of the variables 
T’ + iT =0 (2-6.24) 
and 


d ! 
—(kRX’) + 20X=0, 
PP. p (2-6.25) 


(0) = 0 X(1) =0. 
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The transition conditions yield 
X (x; — 0) = X (x, + 0) 
MMSE SEX ET x 
By consideration of (2-6.24) we can write this relation in the form 
RX! | 45 = —AMiX (x) . 


In this manner we arrive at the following eigenvalue problem for X (x): 


Lex" +%X=0, X0)=0, XM=0 (2-6.25) 
X (x; —0) = X(x; + 0), 7=1,2,---,n (2-6.26) 
RX" (x; + 0) = RX (x; = 0) ++ AMX (x3) =0. (2-6.27) 


The peculiarity of the boundary-value problem considered, which differs 
from the problems treated previously, lies in the occurrence of the parameter 
A not only in the equation but also in an auxiliary condition. 

It was shown in Section 2-3 that the cigenfunctions 


Xi(x), = Xalx), +++ 
of the problem 


£ kX") Lox =O, OHO, x= 6 


are orthogonal in the interval (0,7) with respect to the density function p(x): 
t 

| X (xX) X2(x)p(x)dx =0, men, (2-6.28) 
0 


We now distribute each mass M; with uniform density 6 in the interval 
Xi—-e€ <x <x;+e, where e¢ >0O is an arbitrarily small number. Hence we 
arrive at a corresponding vibration problem for the inhomogeneous string 
with density pe(x). Let de, and X,(x) be the cigenvalues and eigenfunctions 
respectively of this problem. The eigenfunctions must satisfy the orthogo- 
nality relation, 


[| Xenla)Neala)pela dx a0, (26.29) 


If we break up the integral in (2-6.29) over (0, /) into ranges from 
(0,x;— «) plus the integral first from (x;—e«, x; + ¢) about the portion of 
the interval, then from (x; +, 2), and take the limit as «0, we obtain the 
relation 
t n 
| XOX xolede + FS MXnledXle) =0 men, — (26.30) 

tel 


0 


the condition for the so-called weighted orthogonality.*° 


30 R. Courant and D. Hilbert, Methods of Mathematical Physics, Vol. I, Ch. 6, 
Berlin, 1931. 
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We shall not go into the investigation of the question as to whether such 
passage to the limit is permissible. 

The orthogonality condition (2-6.30) can also be derived by a purely 
formal method from the differential equation and the conditions (2-6.25) 
through (2-6.27). Let X,(x) and X,(x) be two eigenfunctions of the problem. 
Let 24, and 2, be the eigenvalues corresponding to it. These satisfy the 
conditions 

=( aXn d 5 (ee axXy 
dx dx dx dx 

We multiply the first relation with X,(x), the second with X,(x), and 
subtract the resulting equations from each other. If we integrate this dif- 
ference over (0, x,), (%:, X2), °°: (x,, 7) and add the results, we find 





\ + anpXn =0 and =) 4 1,pX,=0. 


1 ko (xjtl 
Gas Xwlx)Xaleeol dees £1XqRX' — XabXb]dx=0, 26.31) 
0 z 
where we have set *) =0, %.4:=/. If the integration is performed in each 
summand of the sum, and if the terms which correspond to the boundaries 
x=x;—O0O and «= x;+0 are collected, we obtain 


Ay =(XakX in — XnkX n)x=0;-0 — (XmkX no — XaRX n)sxejto 


Here the expression evaluated at x = 0 and x =/ on the basis of the boundary 
conditions equals zero. 
For the calculation of A: we use the transition conditions 


Xj(xi — 0) = X3(x; + 0) 


! ; j=mn. (2-6.27') 
RX 3(xi + 0) — RX 3(xi — 0) = —MiAjXj(x,) 
If we then write A; in the form 
Ai = Xnlxi) [RX n(x — 0) — RX A(x5 + 0)) — Xn (xi) [RX n(x — 0) — RX nls + 0)] 


and take (2-6.27) into consideration, we obtain 
A; = Xm{Xi)MidaX n(x) 7 Xl Xi)M da X (Xi) = MiXalX) XW Xi)(an =a An) . 


Equation (2-6.31) can now be written in the form 
f k 
O95 { Xn) Xalx) plaid + ¥ MiXnlx)Xalxs) \ =0. 
0 t=1 


For am # 4, the orthogonality condition (2-6.30) follows immediately. 
The norm of the eigenfunction X,(x) is defined by 


N, = | Xie)olwde + bs MX 3x1) « (2-6.32) 


We shall not at this point go into the proof of the existence of infinitely 
many eigenvalues and eigenfunctions, the positiveness of the eigenvalues, 
and the corresponding development theorem. The boundary-value problem 
considered above, as also the problem investigated in Section 2-3, leads to an 
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integral equation, in the present case toa weighted integral equation,” which 
is equivalent to an integral equation with Stieltjes integrals. 
For the development of a function f(x) in a series 


F(z) = & faXalx) 
the following formula for the coefficients holds: 


\ f(x) Xalx)p(x)dx + > Mi f (xi) Xx(%2) 
Nn , 


The initial-value problem described in Section 2-6 §1 is solved according 
to the above method of separation of variables. We can treat analogously 
the vibrations of a rod (or a beam) which is loaded with a concentrated mass. 

In physics and in technology vibration problems of a string loaded with 
a concentrated mass often occur. Poisson had already solved the problem of 
the motion of a weight hanging from an elastic string. Then A.N. Krylov” 
showed that the theory is applicable to the indicators of damping machines, 
the torsional vibrations to balance wheels, to valves of different types, etc., 
and that they lead back to this problem. Also of great significance for the 
theory of various measuring instruments is the study of the torsional vibra- 
tions of fibers with a mass fastened to one end (for example, a mirror). 

A specific instance occurs with a similar problem in investigating the 
stability of vibrations of the air foils of airplanes. For the solution of this pro- 
blem one must calculate the eigenfrequencies of the air foils (which can be 
considered as a beam of variable cross section) which are loaded by masses (say, 
the motor). Another example is the calculation of the eigenvibrations of 
antennas with lumped capacity and self-inductance. 

We shall not concern ourselves here with the approximation methods for 
the determination of the eigenvalues and the eigenfunctions of these problems, 
since they are analogous to the approximation methods for the determination 
of the corresponding quantities for the inhomogeneous string. 

3. The vibrations of a string with a loaded end. The vibration of a 
homogeneous string which is fastened at the end (x = 0) while at the other 
end (x = /) hangs a weight of mass M is, in practice, of special interest. 

In this case the condition at x =/ assumes the form 


Mul, t) = —ku,(l, t). 
For the amplitudes of the standing waves we obtain the equation 


XL +424, =0 


—_— (2-6.33) 


with the boundary conditions 


at See A. Kneser, ‘‘Integral Equations and the Representation of Arbitrary 
Functions of Two Variables,’’ Rend. Palermo 27, 117-147, 1908. 

% A.N. Krylov, Differential Equations of Mathematical Physics, Ch. VII, Academy 
of Science of USSR, 1932. 
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xX,0)=0, Xid)y= ~ anXall) . 


Hence we find 


inV ax 
Xx) SS ae 
sin a,l 
where 2, is fixed by 
= M 
ctg Vaal = “pV : (2-6.34) 


The orthogonality condition for the functions X,(x) assumes the form 
[| Mal) Xnlaolarde + MX,()Xa(l) =0. 
For the norms we have 
N.= | XAerplsax + MXX(). 


From (2-6.34) we therefore obtain 


The initial-value problem is solved here in the usual manner. 


4. Corrections on the eigenvalues. We shall calculate the corrections to 
the eigenfrequencies for the case of smaller and larger loads M. For the 
sake of simplicity we shall consider the case in which the weight hangs at 
the end of the string. Both of the following limiting cases are possible: 

(1) M=0. The end x =/ is free. For the eigenvalues, then, we have 





(2) M=oo. The end x =/ is rigidly fixed: w(/,t)=0. Here the eigen- 
values can be calculated from 





VQ _ TH : 
x l 
Of interest to us now are the eigenvalues for small M (M-—0) and large 
M (M- ov). 
(a2) M is small. In order to find the corrections to the eigenvalues 2,” 
we Set 
Vai = Val + eM, (2-6.35) 


where « is a fixed number. If we substitute (2-6.35) into Eq. (2-6.34) and 
neglect M’* and the higher powers of M, we obtain 


2g (1 2 SF) (2-6.36) 
pl 
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i.e., the eigenvalues of the weighted string increase as M—0O and approaches 
the eigenvalues of the string with a free end. 
(b) M is large. Now we set 


= 1 
Wa: =V Ae + avi . 


Then (2-6.34) yields 


g/6 £ Ue. 
Va 
where the terms which contain 1/M® and higher powers of 1/M can be 
neglected. Thus, there results 
==; ———-, 1 p (2) 
= (2) ——_ +, Ag 25 — -b. 
Van = VEE +a) M 4 (2-6.37) 
i.e., the eigenfrequencies with increasing loads becomes smaller and approaches 
uniformly the eigenvalues of the string with rigidly fastened ends. 


4, Equations of gas dynamics and the theory of shock waves 


1. Equations of gas dynamics. The conservation of energy expression. 
The equations of acoustics (see Section 2-6 §1) were derived under the as- 
sumption that the stream velocity of the gases and the pressure changes are 
small. Under these assumptions the equations of hydrodynamics assume a 
linear form. 

On the other hand, one deals with hydrodynamic processes in problems 
which result from the investigation of rocket flights, the velocity of airplanes, 
ballistics, with detonation waves, etc., for which high velocities and large 
pressure differences are characteristic. In these cases, the linear approxima- 
tion of acoustics is useless and instead we must use the nonlinear equations 
of hydrodynamics. 

Since in practice such motions occur predominantly in gases, the hydro- 
dynamics of high velocities are usually called gas dynamics. 

The equations of gas dynamics have, for one-dimensional motion of the 
gas (in the direction of the xaxis), the form 


continuity equation: ag + ae =0 (2-6.38) 
ot ox 

momentum equation: oz + po a 2 (2-6.39) 

equation of State: p= J (pe, T):: (2-6.40) 


Therefore, the equations of gas dynamics represent the equations of 
motion of an ideal compressible fluid in the absence of external forces. 

We shall now derive the conservation of energy law. The energy per 
unit of volume is equal to 
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pun + ps, (2-6.41) 


where the first member signifies the kinetic energy and the second, the 
internal energy. Obviously, here « is the internal energy per unit of mass. 

For an ideal gas, e =c,T where c, is the specific heat at constant volume 
and JT is the temperature. For the energy change in a unit of time we 


therefore have 
a [pv a a 
aS te)=alS)+ go. pee 


If we carry out the differentiation in the first summand, then on the basis of 
Eq. (2-6.38) and (2-6.39) we obtain 
a [pv v’ dp av va afv ap 
—(f—j=— — = —— — — pv—({(—)-— v= 2-6.43 
Eo) Dg er ae ( ) dag Aa 
To transform the derivative (0/dt)(o«) we apply the first law of thermodynamics 
which expresses the law of conservation of energy: 


dQ =des pdr. (2-6.44) 


Thus dQ is the amount of heat which the system obtains from the outside 
or gives to the outside, and pdz is the work which must be performed in 
order to change the volume by an amount dr(r = 1/p is the specific volume). 

If the process proceeds adiabatically (i.e., no heat exchange occurs with 
the surrounding medium) then 


dQ=0, 
and 
Fear eee er (2-6.45) 
pp 
With the help of this expression we find 
d(pe) = edo + pde = edp + Pip = wdo (2-6.46) 
p 
0 0p 
ae =w—l 2-6.47 
a (pe) we ( ) 
where 
we +P (2-6.48) 
p 


is the heat function (enthalpy), or the heat content per unit of mass. 
The derivative dw/éx on the basis of the expressions (2-6.46) and (2-6.48) 
satisfies the equation 


ow a 
prs = vse : (2-6.49) 
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By consideration of Eqs. (2-6.39), (2-6.42), (2-6.43), (2-6.47) and (2-6.49), we 
obtain the conservation of energy relation in the differential form 


o(H 4 :) = -2[ (> ie wv) (2-6.50) 
ra eee ax | OPV 2 


To find the physical significance of this equation we integrate it over an 


interval (x,, %2): 
d (2 / pv" = v 2 
=| (S + pe) dx = (5 +w) 


ay 





On the left side is the energy change per unit of time in the interval (x, 
Xz); on the right is the amount of energy which in a unit of time flows out 
from the considered volume. 

If the heat conduction can not be ignored, the conservation of energy 
equation assumes the form 


a [pv a v aT 
ee Fe ade cay Vag 2.6. 
at ( 2 e ) Fel £( 2 wv) ax | : (ee) 


where « is the coefficient of thermal conductivity. 

2. Shock waves: the Hugoniot conditions. With high velocities motions 
are possible, which on certain surfaces can propagate discontinuities of the 
hydrodynamic quantities (pressure, velocity, density, etc.) in space. These 
surfaces of discontinuity are usually called shock waves. 

On the surface supporting the discontinuity (the front of the shock wave), 
the conditions for the continuity of the streaming of the fluid (or of the gas), 
the energy, and the momentum (the Hugoniot conditions) must be satisfied. 

To derive these conditions, we first transform Eq. (2-6.38) to a form 
suitable for our purpose. For this purpose we multiply (2-6.38) by v and add 
the result to (2-6.38). This gives 

S (ov) = - Zp + we’). (2-6.39') 

Further we write the continuity equation, the equation of motion, and the 

conservation of energy relation in the following form, 





3 == (eo) (2-6.38') 

O(pv) £2 2 : 9! 

a oe 

OO OOS se Nica a0) al Oe 6.50 
= ( 5 +0s) = oy oo § + w)] : (2-6.50) 


In the x,¢ plane we consider the ‘‘spur’’ x =a(t) of the shock front. Let 
AC be any arc of x= a(t). The points A and C must therefore have the 
coordinates x,, f;, or %.=4x*,+ 4x, tj =?¢,+ 4t. Further, let the points B 
and D be situated so that the sides of the rectangle ABCD run parallel to 
the coordinate axes. 
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We write the law of the conservation of mass in the integral form 


Be t 
| "(oy — (oh) de = — | "lor. — (pv)s,]dt . (2-6.52) 
a 1 
Here the left side is the change of mass in the interval (x,, x.) during the 
period of time (f, t:); on the right side is the amount of fluid (the gas) 
which flows out from (x,, x.) during the time (f,, ¢,). If the functions p and 
ov are continuous throughout and differentiable in ABCD, Eqs. (2-6.52) and 
(2-6.37') are equivalent. In the present case, however, this does not occur. 
We apply the mean-value theorem to each individual summand, with the 
result 


[(o)e=t, = (o)t=t,] ae —(pv)s=:, + (0v):=2, < 


z=x* z=x** t=t* t=t** 


Here x*, x**, ¢*, ¢** signify the corresponding mean values of x and t¢. 


If we pass to the limit as 4x ~0(x,—-%,) and 4dt—0(t,—¢,) and denote 
the value of the function above the curve x = a(t), behind the front of the 
shock wave, by the index 1 and the value of the function below this curve, 
before the front, by the index 2, we obtain 


(02 — pi)U = —(pv); + (pv)2 , (2-6.53) 
where 
da ,.. Ax 
= °° — jim== 
Oe ae 
is the velocity of the shock wave. 
In the coordinate system moving with the shock wave we denote by 


“u,= U-—v,,%=U-2d, 


the velocity of the elements before and behind the front. Therefore (2-6.53) 
can be written in the form 


Pilly = polls . (2-6.53’) 


This equation signifies the continuity of the matter flowing across the fronts 
of the shock wave. 
The law of conservation of momentum in integral form reads 


| “Wor, ~ (pv) jax = — | lip + poe, — (P+ poe ldt , 


Ay 


where the right side represents the sum of the acting forces produced by the 
impulses (pressure forces) and the flow of the momentum. As 4x—0 and 
At—»>0 we obtain 


U[(pv)2 — (ov):] = —(p + ov"): + (Pp + pv’)s 
or 


Pit pitti = po + prt, (2-6.54) 
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the conservation law for the flow of the momentum across a front; and for 
the conservation of energy on the front we obtain the equation 


2 2 2 2 
(+0) U-(GEem) Um nn), son(S +H), 


which after a single simple transformation assumes the form 


2 2 
Pilty (w: + ) = Peoitte (ws + +) 


or according to (2-6.53) 


2 2 
uy 13 
WwW, + —= w+ 


es 2-6.59 
5 > ( ) 


Thus, on the front of a shock wave, the following equations (the Hugoniot 
conditions) must be satisfied: 


Pitts = Potte (2-6.53’) 

pit pitti = pot porta (2-6.54) 
2 2 

w, + = =Ww,+ > : (2-6.55) 


From both of the first Eqs. (2-6.53’) and (2-6.54) we can express 2, and 
through p and op: 


from which it follows that 


ui re 3 = am eae 2 (pi =; pz) : 
P1P2 


If we then insert this expression into (2-6.55), we find between the energy 
values on both sides of the wave front the relations 


1 
WwW, — W, = a0 + po)(pr — pr) 
P1P2 
and 


fy T= ae = P2)(Pi + 2) . 
2 P12 


For an ideal gas we have 








p=RoT, e=c,T, w= oT =—? RT = r S&P 
that is, 


ee nae aa (2-6.56) 
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After a simple transformation we obtain from (2-6.56) the so-called Hugoniot 
adiabatic equation 


A (r- |p t+ (r+ Db 


or 


bo _ (ry + Vox — (ry — Vow (2-6.58) 
pr (ry + ler — (ry — lpr 


From this, the quantities f,, 91, f2, 62 can be calculated if the remaining three 
are known. 

A shock wave can move continuously with respect to the gas from 
positions of high pressure to positions of lower pressure: p2—p, (law of 
Zemplen). Hence it follows that the density of gas behind the front is larger 
than that before the front. 

Formula (2-6.57) expresses the dependence between Pp, and p, for prescribed 
p,and p,. For a given p, and pi, p2 = p2(p2) is a monotone increasing function 
which for p2/p,—> co (shock wave of larger amplitude) tends towards a finite 
limit value 


yey ite (2-6.59) 
ais cae! ame 
This formula gives the maximum jump in the density which can occur on 
the front of the shock wave. For diatomic gases 7 = 7/5, and the maximum 
density jump is then equal to 6: 


From Eqs. (2-6.53’), (2-6.54), and (2-6.57), we find for p, = 0, 


—— —_—_—_. 
nf ttl be, te =f ta Be 
2 pr Ar+1) pa 
If the motion of the shock wave with respect to the gas is considered as 
Static (v, = 0), the velocity of propagation of the shock wave equals 


Ce eae 
2 


P1 


i.e., It increases as the square root of pp. 

We shall now treat a quite simple problem in the theory of shock waves, 
whose solution can be given analytically. A cylindrical tube x > 0, which is 
unbounded on one side and enclosed by a piston at the other (x = 0) contains 
a static gas with constant density o, and constant pressure p,. At the initial 
moment ¢ = 0, the piston begins to move with a constant velocity ‘‘v’’ in the 
direction of the positive x axis. In front of the piston a shock wave forms, 
which at the initial moment is in the same position as the piston and then 
moves away from this position with aconstant velocity U > v. Between the 
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piston and the front of the shock wave a region 2 forms, in which the gas 
moves with the velocity of the piston. Before the front (region 1) the gas 
is found in the original state: p= p1, p= pi (v=0). 

With the conditions (2-6.53’), (2-6.54), and (2-6.55) for the front, we can 
easily determine its velocity, the magnitude of the jump, the density, and 
the pressure. 

To this end we introduce the nondimensional quantities 


wees sk. ge2° gees (2-6.60) 
P2 C1 C1 pic 


where c, =Vyrpi/p, is the velocity of sound before the front (in the non- 
excited region 1). Then the equation of state can be written in the form 








BES ae Be. o=. (2-6.61) 
—- mM 
fe : =2 
p=1+7Us or pal+rz (2-6.62) 
— «a 
ee ee oe 1)( Go = ‘ 7 ‘) (2-6.63) 


Then, by elimination of f and U, we obtain for the determination of 
the quadratic equation 


Qo —~w[44+ (7+ a’) + (24+ (7 -)ve7]=0. (2-6.64) 
Since, obviously, w <1, (p2 > p,), the smallest root is given by 
oh at4 thy ~ o/s (2-6.65) 


From (2-6.61) and (2-6.65) there results then 


aeaeds (7 +1) .5 2. 
aa (2-6.66) 

4 / loa (aa 

pole myst) Y) 5? + ya V1 Pe case!) ‘uy (2-6.67) 


In the old quantities, therefore, 








2 2 
1+(Ee a )+e peg: aan yp 
eee, 4 ci C ; 16c; (2-6.68) 
Ge Dy 
] 
ne 2c; 
y= koe fi4 ctu +o, (rt Ve (2-6.69) 





p2 = pif] + er ae w/\ 4 Bs Py . (2-6.70) 
4 G C; 16c; 


136 HYPERBOLIC DIFFERENTIAL EQUATIONS 


Since the velocity of the shock wave is constant there, we find for the 
position of the front at time ¢ 


= (y + 1) rt+1) ; 
x=a(t)= {joe¥ ji pega ee rete. (2-6.71) 


In the limiting case v/c, > 1 (shock wave of greater intensity) we find from 
the formulas (2-6.68) through (2-6.70) the limiting relations 


1 1 1 
Pe pg aa , (pe te yy capes E 
r—l 2 2 


[XJ 





ads 


obtained earlier. 


If v/c, « 1 (shock wave of smaller intensity) then the term v’/ci can be 


neglected: 
2 2) 
Pe Pi ( + & 


U=q4+"th, 


p. = p(1 ae i) . 
Cy 

3. Weak discontinuities. We have hitherto considered the motion of a 
shock wave, on whose front the quantities p, p, v, and others change their 
values by jumps. Such discontinuities are called strong discontinuities. 

However, there are also possible motions for which only the first deriva- 
tives of p, p, v, etc., are discontinuous on certain surfaces, while these 
quantities themselves are continuous. We call these weak discontinuities. 

In Section 2-2 §8, we investigated the motions of such discontinuities 
and determined that these discontinuities propagated along the characteristics. 
We shall therefore proceed from the equations of acoustics. Corresponding 
results can be obtained also from the nonlinear problems of gas dynamics. 

We can easily see that a surface, on which weak discontinuities lie with 
respect to the gas, propagates with a velocity which is equal to the local 
velocity of sound. Therefore, if we consider a small neighborhood of the 
surface of discontinuity and take the average value of the hydrodynamic 
quantities in this neighborhood, then the weak discontinuities can obviously 
be considered as small disturbances which satisfy the equations of acoustics 
and propagate with the local velocity of sound. 

As an example, we shall consider the flow of a gas in a vacuum. Let 
the gas which is enclosed in a semi-infinite body x > 0 be found in the rest 
state at time ¢ = 0, and have in the entire region x > 0 the constant density 
p and constant pressure p,. For ¢=0 the external pressure which acts on 
the plane x =O vanishes, and the gas begins to move; hence, a weak dis- 
continuity (the attenuation wave) arises, which propagates with the velocity 
of sound ¢, in the direction of the positive xaxis. The density and the 
pressure for ¢=0O have discontinuities on the interior side of the front 
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x= x,(t) of the gas. These discontinuities vanish however, immediately after 
the beginning of the motion. 

From the conditions for the continuity of the flow of gases and the 
momentum for x = x(t), 


0 = pi(v — oF) = pili — v1), 
by + pi(v, — vr)’ = pr + pil — vi)’, 
where pi, pr, ur are the left-hand and pj, pr, uw are the right-hand values 
at the point +,(/), we obtain 


pr=0 and pr= 
because ma=p=u=0. 
For an adiabatic process the equation of state of an ideal gas reads 
p\v 
papa). : (2-6.72) 
Po 
For the solution of the problem we assume that 


p= a(é), b= pl), v= v(§), 


where 


If we then calculate the derivatives 


yf __idf of lds 


attéat«C dE’ ax t dé’ 


where f = p, v, or p, and substitute the found expression in (2-6.38) and (2-6.39) 
then we obtain 


(vb = 
gs : (2-6.73) 
_ 2) du _ ap 
v ee = de ; 


Now if we multiply the first equation by (v — &) and add the product to 
the second, we obtain 


_ gto _ 4b 
Wess) dé dé" 
or 
e =< 
Hence 


where c is the velocity of sound for the adiabatic process. 
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Since the motion of the weak discontinuity was considered to be in the 
direction of the positive x axis, then in the last formula we take the minus 
sign, i.e., we have 


et oe (26.74) 
If we put this solution into (2-6.73), 
dv c¢ 
—= — (2-6.75) 
dp p 
or 
dv_ i 
dp pc 
With the help of the equation of state (2-6.72) we find 
Le) 
p 


and after integration of Eq. (2-6.75) 


(y—-1)/2 
eae ai: 26.75 
0 


By use of this formula p can be expressed through v: 





=| 2/(y-1) 
p= po(1 i +) (2-6.77) 
0 
Here we denote by 
Co = rPo 
Po 


the velocity of sound for v = 0 (in the static gas). For (2-6.76) we can also 
write 





v= (C — Co). (2-6.78) 


y—1 


By introduction of the expression (2-6.77) for p in the equation of state 
(2-6.72) we obtain 








= 2y/(y-1) 
p= pol 42 5 EY +) (2-6.79) 
0 
From (2-6.78) and (2-6.73) follows the formula 
v=— - - Gc cv) (2-6.80) 


which gives the dependence of the velocity v on x and ¢. Accordingly, if 
we insert expression (2-6.80) for v into (2-6.77) and (2-6.79), we obtain the 
explicit dependence of the quantities p and p on x and ?. Hence, all the 
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quantities are dependent only on x/t. Therefore, if the distance is measured 
in units which are proportional to ¢, the form of motion does not change. 

We seek now the velocity of the forward front v,(t). If we set p=0 in 
Eq. (2-6.79), we obtain 


2 
y—1 





y= Co. (2-6.81) 


From this it follows that the flow velocity of the gas in vacuum is finite. 
For diatomic gases y = 7/5 and, therefore, 
Vy = —OCy. 
We can also obtain the expression (2-6.81) for the velocity of the forward 


front x = x,(t) from the relation 


#2 
| pax = Pore = Polot ’ (2-6.82) 


*1 


which is the equation of conservation of mass. If, namely, we introduce 


we obtain 


£0 
| pdé = Polo . 


vy 


Here we substitute the expression for p from (2-6.77). With 


ita a ea og 





cece Co 
it follows that 
Aa = 1 
| wr at (2-6.83) 
Ay rt+l 
with 
—l w-e 
PHS Se SS A=l. 
1 + ee a 2 


By calculating the integral (2-65.83) we obtain 


1 -1 > (y¥4+1)/y-1 
yeaa as er aes ivy y=], 


where 


2C 
7-1 





y= 


The problem of the flow of a gas in a vacuum is therefore solved. 
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In the above considerations we have limited ourselves to the simplest 
problem of gas dynamics. For a detailed study of the questions occurring 
here we refer to the list of the corresponding special literature.** 


5. Dynamics of gas absorption 


1. Equation of gas absorption. We shall consider the problem of the 
absorption of a gas.** Let a gas-air mixture be passed through a tube (whose 
axis is directed along the x axis of our coordinate system) be filled with an 
absorbing substance. Further, we shall indicate by a(x, t) the amount of gas 
which is absorbed per unit of volume of absorbent and by w(x, t) the con- 
centration of the gas in the pores of the absorbent in the layer x. 

We first derive the condition for the conservation of mass assuming that 
the velocity v is sufficiently large and that the diffusion for the passage of 
the gas plays no essential role. For the layer of absorption from x, to x, in 
the time from ¢, to t, there obviously holds the relation 


[ve | 2, — vel s,] S4t = [(a + #) |1, —(@ +) 1 1,) S4x. (2-6.84) 
If we divide this by dxdt, as 4x >0 and 4t—0 we obtain 
eh a er (2-6.85) 
ox at 


The left side of this equation represents the amount of gas absorbed during 
the passage with respect to the volume and per unit of time, while the right 
side gives directly the amount of gas consumed in raising the concentration 
of the gases absorbed and found in the pores. To this equation one must 
still add the equation of the kinetic absorption 


0a 
— — 2- « 
ree mae (2-6.86) 


where § is the so-called kinetic coefficient and y is the concentration of the 
gas which exists in equilibrium with the amount of gas absorbed. 
The quantities @ and y are linked to each other by a relation 


a= Ty) ’ (2-6.87) 


the so-called characteristic of the absorbent. 
The curve a= f(y) is called the absorption isotherm. If 


83 See N.E. Kochin, J. A. Kibel, and N. W. Rose, Theoretical Hydromechanics, 
Part II, Ch. I (trans. from Russian), Berlin, 1954; L. Landau and E. Lifschitz, Mechanics 
of Deformable Media, Ch. VII, Moscow, 1944; Ya. B. Zeldovich, Theory of Shock 
Waves and Introduction to Gas Dynamics, Moscow, 19:16; L.I. Sedov, ‘‘Propagation of 
Strong Detonation Waves,’’ Applied Mathematics and Mechanics, 10: 2, 19-6; R. Sauer, 
Introduction to Theoretical Gas Dynamics, 2d ed., Berlin, 1951; K. Oswatitsch, Gas 
Dynamics, Vienna, 1952. 

3 A.N. Tychonoff, A. A. Zhukhovitskii, and J. L. Zabezhinskii, ‘‘Absorption of 
Gases from an Airstream by the Layers of a Granulated Substance,’’ J. Phys. Chem., 
U.S.S.R. 20: 10, 1946. 
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v 
{oO=>——> 
Uo + py’ 
then we speak of a Langmuir isotherm. A simpler form of the function f 
corresponds to the so-called Henry isotherm, which is accurate in regions of 
low concentration: 


bay, (2-6.88) 
T 


where l/y is the Henry coefficient. 
In this case the following problem arises: From the equations 


ou ou. da 
apes 2-6.85 
var OE. OL eo) 
da 
eee ee _ 2-6.89 
at Alu — ya) ( ) 


determine the functions w(x, ¢) and a(x, t) which satisfy the auxiliary condi- 
tions 

a(x, 0) =0 

w(x,0)=0 

u(O, t) = tty (2-6.91) 


where zw is the concentration of the gas at the entrance of the tube. 

By neglecting the derivative 42:/d¢ (the amount of gas necessary Lo increase 
the free concentration in the pores of the absorbent) compared with the 
derivative da/dt (the amount of gas necessary for the increase of the amount 
of absorbed gases) we obtain*® 


(2-6.90) 


ape 2.6.85 
“ax at ( 
e = Alu — ya) (2-6.89) 


a(x, 0)=0, (0, t) = tty. 


If we eliminate the function a(x, t) by introducing the second equation into 
the first equation and differentiating with respect to ¢, then 


—viy, = Bu, — Bra, = Bu, + fry, 
or 


Ixt Seg. + fru, =O. 
Vv 
If we set ¢ =0 in (2-6.85’), we obtain the initial value of wz: 
—vu,(x, 0) = Bu(x, 0), (0, 0) = ay. 
From this we find 


u(x, O) = toe PY 


35 For the system, Eqs. (2-6.85’) and (2-6.89) satisfy a single condition, since the axis 
t = 0 here is characteristic. 
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The determination of u(x, t) thus leads to the problem of the integration of 
the equation 


xy = nia + Bru, =9 (2-6.92) 
v 
with the auxiliary conditions 
u(x, 0) = ue ‘P/”" (2-6.93) 
u(O, t) = mu. (2-6.91) 


The characteristics of this equation are the straight lines 
x = const. , ¢ = const. 


The auxiliary conditions for this problem thus prescribe the values of the 


sought function w(x, t) on the characteristics. Analogously, the problem for 
a(x, t) reads: 


an = 2a + Bra, =9 (2-6.94) 
v 

a(x, 0) =0 (2-6.90) 

a(0, t) = = (1 og Phy (2-6.95) 


Note that a similar problem occurs for a whole series of other questions 
(for example, with the process of drying in a stream of air, with the heating 
of a tube by flowing water, etc.).** 


36 In the transition to Eq. (2-6.85’) we have neglected u;. Moreover, we can still 

show that we arrive at the same equation if we introduce the variables 

x 

| a ae Pete, €é=x, 5 tad 

v v 
(Figure 32) in which the time at the point x is mea- 
sured from the moment t° = x/v at which the stream 
of the gas-air mixture has reached this point. We 
obtain 


T, 





Ox o& Or 
Ge ate 
Bt Gr 
so that Eq. (2-6.85) has the form 
ou 0a 
“#5 2.6.85" 
“aE ae ( ) 
a = B(u — ya). (2-6.89) FIG. 32. 
CF 
The initial conditions (2-6.90) and Eqs. (2-6.85) and (2-6.89) read 
40) = 0 
wed) =O. Con) 


The problem is therefore to determine the function uw in the region between the straight 
lines t = 0 and the € axis corresponding to the initial conditions (2-6.90’) (Cauchy pro- 
blem). Obviously, in this region u(x,t) = 0 but also a = 0). Further, from (2-6.85’) 
and (2-6.89) it is evident that the function u(x, t) for > = 0 is discontinuous, while a(x, t) 
remains continuous. Therefore, x for r=0, as was shown above, is defined by Lq. 
(2-6.85’) for a(x, 0) ==: 0. As shown on pages 141-142 (see formulas (2-6.93) and (2-6.95)), 
when we define the value u(x, 0) and a(x, 0) we obtain for u(x,t) and a(x, t), problems 
with auxiliary conditions on the characteristics. 
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A solution of Eq. (2-6.92) can be obtained explicitly by the method 
investigated in Section 2-5, and we obtain 


oe Lomi 
w(x,, ty) = woe] eM (2 xb) + =| oli2V/ ads | ,  (2-6.96) 
1J0 


where x, = (8x/v), t, = (St/y) are dimensionless variables and /{, is the Bessel 
function of the first kind of zero-th order with imaginary argument. 

If an asymptotic formula is used, for 4, an asymptotic description of 
the solution for large values of the argument can easily be obtained. 

2. Asymptotic solution. In the above we investigated the absorption 
process of a gas for the case of a Henry isotherm. This relates the amount 
a of the absorbed gases with the equilibrium concentration by the linear 
expression 


f= 75 


We now consider a general absorption isotherm 


a=f(y). 


If we introduce the dimensionless variables 


ee jab wes pas p=, 
v r Uo 29 oy 
then the system of Eqs. (2-6.85), (2-6.89), (2-6.90), and (2-6.91) becomes 
EL 
ns (2-6.97) 
Ov = 
nn = (i — z) 
1 
v = f(z) v=fi(z) = ay (2-6.98) 
(1, A) with the auxiliary conditions 
u(O, 1) =1 (2-6.99) 
v(x, 0) =0. (2-6.100) 


We are interested in the asymptotic forms of 
the solutions of (2-6.97). 
To this end, with regard to the function 
fi(v), we impose the following conditions: 
1. Let fi(z) be an increasing function and let 
F:(0) = 0. 
FIG. 33. 2. Let /fi(z) possess, for all z with OS 2zs1, 
a continuous derivative. 
3. Let the line leading from the origin of the coordinates to the point 
(1, f; (1)) lie for 0S z <1 below the curve /,(z) (Figure 33). This holds in 
particular for convex isotherms. 
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For the inverse function corresponding to /,(z) we introduce the relation 


z=fi'(v) = Flv) 
and seek the asymptotic solutions in the form of propagating waves 
a=) db=9(f) F=x—at, (2-6.101) 


where rt is the velocity of propagation of the waves still to be determined. 
This means that for large distances (as x-—> oo) or for large times (as 


t — oo) 
v(x, t) = ob = v(x — at), u(x, tf) =u = f(x — at). 


The concentration # and a for x = © or t= oo must satisfy the equilibrium 
condition 


v = f(a) or “= F(v). 
From (2-6.99) it follows 
x0 = f(1) (2-6.102) 











wwe = F(0)=0. (2-6.103) 
t=0 





The condition (2-6.102) states that as t— o (€— —oo) saturation must occur 


throughout. 
If we insert (2-6.101) into (2-6.97), we obtain 
¢' =oy' =0, (2-6.104) 
—op' = $— Fly). (2-6.105) 


From (2-6.104) and (2-6.105) we derive the relation 
P(E) — og(€) =0. (2-6.106) 
Hence it follows from (2-6.102) that 


_ $8) coe ee 2-6.107 
oe is > FC eee 


or (in the dimensionless quantities) 


o=y—. (2-6.107’) 
ao 
From (2-6.105) and (2-6.106) we find 
dy A 
a ee | ee 2-6.108 
"ay — Fl) : 


and hence after integration 


wy) =E—&, (2-6.109) 
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where ay) is an integral of the left side and & is the integration constant. 
The sought function g(&) is defined by this relation to within the unknown 
constant &: 


p=w (€— &) (2-6.110) 
fp = aw (E — &) . (2-6.111) 


We want now to determine whether the function w ’ is defined at all and 
whether the functions y and ¢ as €— « and €— —o for the inverse function 
satisfy the required conditions. Therefore we show that 


dw 1 
SS re <0 (2-6.112) 
dp oy — fi (¢) 

i.e., E— &, = alg) 


is a monotone decreasing function of y. For the denominator in (2-6.112) the 
following relation holds, 


oy — fi'(¢) =F? ti 


The first summand represents the abscissa of points on the line corresponding 
to the ioe gy which runs from the origin of the coordinates to the point 
(1, f:(1)), (Figure 33). Since by hypothesis the curve y = fi(z) lies above these 
Fe we have 


7 (¢) 0<¢</fi(l) 


<7 fi) ©’ 
and consequently 
op — fi'(y)>0. 
Moreover, 
op —fi(y)=0 for g=0 and g=f,(1) 
From this it follows that 
E— &,=a(y) = for g=0 
&—& = aly) = —o% for g=f,(1). 
For the inverse function we therefore obtain 
=a '(E — &) = fill) for ee 
=w (€—&)=0 for E=a. 
Further because of (2-6.112) we also find 


g= ao =1 for € = —oo 


i(1) 
paces 


for E=oo., 


g=op= 
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The conditions (2-6.102) and (2-6.103) are thercfore satisfied. Besides this it is 
shown that our system of equations permits a solution in the form of a pro- 
pagating wave which still contains an arbitrary constant &). 

In order to determine & we integrate the first equation of (2-6.97) from 
0 to 4% and 0 to x: 


to to xO x9 
| (x9, t)dt — | (0, side | + | u(x, toldx -| v(x, Ode | =Q. (2-6.113) 
0 0 0 0 

This relation expresses the law of conservation of mass. By passage to the 
limit as x)— co we find by using the initial condition for # and v that 


t 


|; oe, fide = | Pen ae 


0 vy) 


We now assume that the solution of our problem for large values of ¢ 
approximates the functions # and 0 which we have found above as propagat- 
ing waves. 

If then we determine & according to the condition 


\° me, to)dx =" to —0 (Lo - co) (2-6.114) 
0 
then this is just the &-value which corresponds to the functions #(x, 7) and 
v(x, ¢). 

We form our integral in the following manner: 


oo 


|: d(x, tyjdx = |" oe —atdx = | w (x — aty — &o)dx 
0 


0 0 


_ [" w(é)dé = i wo (Oat 
—aty—g o1 


C=x-—aty—§o €. =— aly —&o. 
We denote by »”* the value of w (¢) for ¢ = 0: 
w '(0) = y ; 


Then it is easy to see that 


|. w (C)dt = | w '(O)dt + [or Woae 
oi o4 0 
wey) ¢° 


= [ — cure) + | wo(p)dge + | olgidg | (2-6.115) 
0 


gr 
is valid when y = # '(£) which is the inverse function corresponding to € = w(¢) 
(Figure 34). Hence it follows that instead of the conditions (2-6.114) 


gl —ato—€g) 


| w \(C)dC — ty = {lote + &)p(—aty — &) +| olpidy } —t) - 0 
—Ttg—fg 


(2-6.115’) 


0 


can also be written as ty —> ©. 
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As t-> ©, 


—__—— o9(—aly — &) > ay (—o) =o f\(1) = 1. 
(2-6.115’") 


In order to calculate the limit values of 
the expression 





é 
O alyy(—atlo — &) — by 





FIG. 34. we use Eq. (2-6.108). By developing 
Jv) = F(y) in a series in the neigh- 
borhood of the point g = /,(1) we obtain 
a(~ — Yo) + 1 — Fly) 
Ap — Yo) — [F(p) — F(y,)] 
[a — Fp) (yp — Yo) toes, 


ay — F(g) 


I! 


where 
dy 
9 “= dé. 2-6.116 
"lo —F (yo) (~ — Yo) + °° ie 


The dots here denote the terms of higher order with respect to (y — ¢»). 
From the requirement 3 for f; it follows that 


F'(g) >a = an . 


fi) 
From (2-6.116), the order of magnitude of y as €— —oo results: 
p= Ac +, (2-6.117) 


where A and k > 0 are constant. 
The expression (2-6.117) gives 


lim ty [ae(—oty — &) — 1] = lim tAae *'79' = 0. (2-6.115/) 
fo -™ 


to 200 


If now in (2-6.115’) we still let ¢g9-»>0o and bearing in mind (2-6.115’’) and 
(2-6.115’"’), we obtain 


] rane) 
= =a | ide. (2-6.118) 


Therefore the profile of the wave {u, v} is completely determined. 

Of particular interest is the case of the Langmuir isotherm. For this 
we seck now an asymptotic solution of the absorption process. 

Iq. (2-6.108) here assumes the form 


eS eee | (2-6.119) 


oy — gl(L — py) 
where ao = I/f,(1) = 1 4+ p is the wave velocity. From (2-6.119) we find 
E— & = w(¢) 
with 
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le) = a) Epes +Aa= oe [Fite — 1 = pap) — Ine] + A. 
Je atl pe) a—IllLoa 


If » varies from 0 to f,(1), then obviously (vy) varies from —oo to +o. 
We choose A so that 


w(y*) = 0 for g = 


The conditions for it are 





and 





g—l 


ag) = Z [= In 2(1 — oy) — In 2(1 + p) e| : 
ao 
The value of &) can be calculated from 


1 cf 
f= ray | wly)dg = —(In2— 1) 
1 0 


and does not depend on p = u,/y, the prescribed concentration. 
The sought asymptotic solution then has the form 
~ — —] _— _, 
v(x, f) =w (x — at — 5) (2-6.120) 
u(x, t) = ow ‘(x — at — &) 


where w '(€) is the inverse function of «(g). 











FIG. 35. 
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Figure 35 shows the results of the numerical integration of Eq. (2-6.97) 
for the Langmuir isotherm (by means of difference equations). We considered 
here the range of valuesO <t<?¢, = 10. For t = #, the results of the numerical 
integration agree with the asymptotic solution to within 1 per cent. For 
t > ¢, we can use the asymptotic formula. 


6. Physical analogies 


In the investigations of phenomena in different branches of physics one 

often establishes a common characteristic. This then leads in the mathe- 
matical formulation of the corresponding problems to one and the same 
equation which describes simultaneously different physical phenomena. The 
following equation serves as a simple example: 
d’x 
dt’ 
which describes different vibration processes of a simple system: vibrations 
of a mathematical pendulum, a weight under the influence of an elastic 
spring, electrical vibrations in a simple conductor with inductance and capa- 
city, etc. The fact that the different physical processes can be described by 
the same mathematical equation permits us, on the basis of the investigation 
of one of these processes, to reach conclusions about the properties of the 
other (less accurately investigated) processes. 

The propagation of electric vibrations in systems with distributed con- 
stants can be given by the telegraphic equations 





a +bx=0, 


TE eC EGY 
= - (2-6.121) 
- ae L E + RI 


where C,G, L, R are coefficients of capacity, the loss, the induction, and the 
resistance of the system. If we can neglect R andG, the voltage V and the 
current density J satisfy the ordinary wave equations 














while Eqs. (2-6.121) become 


(2-6, 122) 


On the other hand, in the investigation of the propagation of sound in a 
unique direction, we arrive—for example, for the motion of air in a tube— 
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at the equations 


i ere 
Ge tad! (2-6.123) 
av _1 ap 
Ox ct at 


where v is the velocity of the vibrating particles, o is the density, p is the 
pressure, and t = poy is the elastic coefficient of air. 

The similarity of Eqs. (2-6.122) and (2-6.123) point to the analogy between 
the acoustic and the electrical quantities. The potential difference corresponds 
to the pressure, the current density to the displacement velocity of the 
particles. Further, the induction of the electrical system corresponds to the 
density which determines the inertia properties of the gas, and the capacity 
corresponds to the quantity l/r, i.e., the reciprocal of the elastic coefficient. 
This analogy can also be determined from the expressions for the kinetic 
and potential energy of the electrical and acoustical systems. 

By a glance at Eqs. (2-6.121) we can, by analogy with the corresponding 
electrical quantities, introduce an acoustic resistance and loss. The magnitude 
of the acoustic resistance is then to be considered if, in the motion, the 
friction of the gas on the side of the vessel plays an essential role. By 
analogy with electrical resistance, which is defined as the ratio of the voltage 
to the current density, we define the acoustic resistance as the ratio of the 
pressure to the current in the medium which is proportional to the displace- 
ment velocity of the gas particles: 


Rees 
uv 

In those cases in which the motion of a gas in a porous medium is considered, 
one has to introduce a quantity which corresponds to the loss in an electrical 
system. This quantity (which we designate by P) is called the porosity and 
is defined per unit volume for those materials which are filled with air. 

The mechanical analogy of telegraphic equations are the equations of a 
longitudinal vibrating rod. These can be written, similar to Eqs. (2-6.122), as 


_ do _ 1 aT 
ox Sok at 

et Se 
Ox Oot 


where T is the tension of the rod, v is the velocity of the vibrating points, 
p is the density, and & is the elastic coefficient of the rod. 

By comparison of these equations with Eqs. (2-6.122) we can define further 
analogies, this time between mechanical and electrical quantities. If the 
electrical voltage can correspond to the tension of the rod and the current 
density to the motion velocity of the particles, then the reciprocal of the 
elastic coefficient is known to correspond to the capacity and the density to 
the induction. 
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The consideration of similar dynamic problems leads thus to an analogy 
between a series of electrical, acoustic, and mechanical quantities. This is 
illustrated in the following table.*’ 


Electric systems Acoustic systems Mechanical systems 
Variables 

Voltage V Pressure, p Tension, T 

Current density, [ Particle velocity, v Particle velocity, x 

Charge, e Displacement, 2 Displacement, x 
Parameter 

Inductance, L Inertia (density), p Mass density, pm 

Capacity, C Acoustic capacity, Rigidity, elastic modulus 

Cree Cyea yk 
Resistance, R Acoustic resistance, Ry Mechanical resistance, Ry 


The above table is based on the results of acoustic problems about the 
character of the phenomena and gives an insight for the solution of the 
problem. 

Thus the problem of motion of air in a porous material for simple 
harmonic waves leads to the equations®® 


—lwpnlt + ru = —grad p 


dp + itp 
pc 





(7 — iwpn)p = 0 


where uw is the spatial velocity of air through the pores, p is the pressure, 
op is the density, p, is the effective density of air in the pores (p, can be 
larger than p, Since the material particles and the air can also vibrate in the 
pores), P is the porosity, c is the velocity, » is the frequency of sound, and 
ry is the flow resistance. The latter can be characterized by prescribing the 
pressure in the material. If we put r= Ry, pm = La, yPiloc’ = C4, then the 
above equations take the form 





These equations are completely analogous to the equations for the propaga- 
tion of electrical vibrations in a conductor. Therefore, by analogy with the 
wave impedance in conductors, 


R+ioLl —0 
Z= = Ree, 2 


37 See, for example, H.F. Olson, Dynamic Analogies, New York, Toronto, London, 
1944, 


a8 W. Furduev, Electroacoustics, Moscow, 1948. 
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we can write the expression 


Be m — Urlo) 

Z=cVp ars a 
for the so-called characteristic impedence of porous materials. The charac- 
teristic impedence causes a dampening of the waves propagating in a porous 
material. 

With the help of these analogies between electrical and acoustic pheno- 
mena, the investigation of many acoustic problems can be replaced by the 
consideration of equivalent electrical systems. These methods of analogy 
have in recent times found many applications with analog computers, in 
which an equivalent electrical circuit is constructed for the solution of an 
equation which corresponds to a physical process. 


PARABOLIC DIFFERENTIAL EQUATIONS 


Partial differential equations of the second order of the parabolic type 
occur principally in problems connected with heat conduction and diffusion. 
The simplest parabolic differential equation 


Ux: — ty = 0 


is usually denoted as the heat-conduction equation. 


3-1. SIMPLE PROBLEMS WHICH LEAD TO PARABOLIC DIFFERENTIAL 
EQUATIONS 


1. The linear problem of heat propagation 


We shall consider a homogeneous rod of length 7 which can be heat 
insulated and is sufficiently thin so that at an arbitrary time the temperature 
at all points of the cross section can be regarded as equal. If the ends of 
the rod are held at the constant temperatures u, and w,, then, as is known, 
along the rod a linear temperature distribution occurs (Figure 36): 


u u(x) = %,+ oreee : (3-1.1) 


7 Here the heat flows from the warmer 
to the colder end of the rod, that is, in 
the direction in which the temperature 
decreases. The amount of heat which, 

x inaunit of time, flows through a cross 


v2 


e t section of area S is given by the experi- 
FIG. 36. mentally determined formula 
eek ey LD (3-1.2) 
I Ox 


The coefficient 2, the so-called thermal conductivity, depends on the material 
of the rod. The magnitude of the heat flow is taken to be positive if the 
heat flows in the positive x direction. 

The course of the temperature distribution in a rod can be described by 
a function u(x, 7), which gives the temperature in the cross section at x at 
time ¢. What equation must u(x, 7) now satisfy? For the derivation of this 
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equation we formulate first the physical laws which govern heat conduction. 
1. The Fourier law If the temperature of a body is distributed non- 
uniformly, then there arises in the body a heat flow in the direction of 
temperature decrease. 
The amount of heat which flows through the cross section at x during 
an interval of time (¢, t+dt) is equal to 


dQ =@Sdt, (3-1.3) 


where 


q= — Rx) (3-1.4) 


is the density of the heat flow. This is equal to the amount of heat flowing 
through an area of lcm’ per unit of time. This law represents a generali- 
zation of formula (3-1.2). It can also be written in the integral form 

te 

Q=-S\"e Bex nae. (3-1.5) 
t, Ox 


i 
Then @Q is the amount of heat flowing in the time interval (f,, ¢,.) through 
the cross section at x. If the rod is inhomogeneous, & is a function of x. 


2. The amount of heat which must be added to a homogeneous body 
in order to raise its temperature by an amount Jz, is equal to 


Q=cm4u=cpV 4u, (3-1.6) 


where c is the specific heat capacity, m is the mass of the body, a is its 
density, and V is the volume of the body. 

If the temperature change differs at different places of the rod or the 
rod can be treated as inhomogeneous, then 


Q= | " coSbulx) dx : (3-1.7) 
zy 

3. Within a rod, heat can arise or vanish (for example, by the flow of 
an electric current, because of chemical reaction, etc.). The occurrence of 
heat can be completely described by a function F(x, t), which is a measure 
of the heat source at the point x at time ¢.*° The effect of these sources 
on an element of the rod (x, x+dx) during an interval of time (f, t + df) 
induces an amount of heat given by 


dQ = SF(x, t)dxdt. (3-1.8) 
By integration we find 


Q=s|'\ "Fu, narae, (3-1.9) 


hry 


89 For example, if heat is produced by an electric current of strength J in a rod, 
whose resistance per unit length is equal to R, then F’ = 0.24-]2-R, 
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which is the amount of heat which exists in the interval (x, x.) of the rod 
in the time interval (¢,, ¢.). 

We obtain the equation of heat conduction from the law of conservation 
of energy for an interval (x,, x.) in a time interval (¢,, ¢2) and with the use 
of formulas (3-1.5), (3-1.7), and (3-1.9) for the energy balance, we can write 


| , | pe 2) au Je + (| " (, r)dédr 
*) 


— k—(x, Tt) 
ty Ox r= Xo ox ™ ay 


r= 








‘ (3-1.10) 
= | cplu(E, ts) — u(é, ti] dé « 


This is the equation of heat conduction in integral form. 

In order to derive the differential form we shall assume that the func- 
tion u(x, t) possesses the continuous derivatives u,, and u,.‘° 

Then from the mean-value theorem of integral calculus we obtain 


— PR (x, T) 
I=% Ox 








4t+ F(xu, t,)4x4 
Pe gees (3-111) 


= {co[u(é, ty) — ulé, bi) )}e=2,4x 


and hence with the help of the mean-value theorem of differential calculus 
ra) ou 
—|! k—(x,t 
al Tag |, 


where ¢;, ¢,, ts and x,, x,, x, are suitable intermediate values in the intervals 
(¢,, 2) and (x,, %2). 
If we divide the last equation by dxdt, we find 


a ou ou 
Paice (eg oats 
Ox ( ns) 


+ F(x, t =cp— 

(x I, arr 
t 

All these considerations hold for arbitrary intervals (x,, x.) and (¢,, ¢,). Ac- 

cordingly if x,, x. tend towards x and ¢,, ¢, tend towards ¢, there results 


Atdx + F(x,, t)dxdt = Eas (x, 0] Axa, (3-1.12) 


x=x 
t=? 


*5 
3 


(3-1.13) 








tbs 
r=" 


I= z 
4 
t, 


a ou ou 
—{k— F(x, t) = co — 3-1.14 
a(S) + Fle) = 00 S, (3-1.14) 
the so-called equation of heat conduction. 

We shall next consider a special case. 

1. If the rod is homogeneous then &, c, p can be taken as constant, and 
the heat-conduction equation takes the form 


ut = QUss + T(x, t) 


@=4,  fx,)= 74 
cp cp 





40 Through these restrictions on the function u(x, t), in general, we will lose a class 
of solutions, namely those which satisfy the integral equation but not the differential 
equation. In the case of the heat conduction equation, however, these requirements do 
not exclude any possible solutions. That is, we can show that a function which satisfies 
Equation (3-1.10) must be differentiable. 
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where a’ is the coefficient of temperature conductivity. If there are no 
sources present, i.e., if F(x, t) = 0, then the equation simplifies: 


eae (3-1.14') 


2. The density of the heat sources are dependent on the temperature. 
If heat exchange with the surroundings exists which obeys Newton's law, 
the amount of heat emanating from the rod per unit of length and time 
equals 


Fi, =hu-— 6), 


where 6(x,¢) is the temperature of the surrounding medium and h is the 
heat exchange coefficient.** Therefore the density of the heat sources at the 
point x at time ¢ is equal to 


F= F(x, t)—h(u— 8), 


where F(x, ¢) is the density of other heat sources. 
If we are dealing with an inhomogeneous rod, then the heat conduction 
equation considering heat exchange with the surroundings takes the form 


Up = A's, — aut f(x, t), (3-1.15) 


where a = h/cp and f(x, t) = aO(x, t) + Fi(x, t)/cp is a known function. 

3. The coefficients k and ¢ as a rule are slowly varying functions of 
temperature. Therefore, from the above cited assumption, these coefficients 
can now be assumed as constant, which is valid for small temperature fluc- 
tuations. The consideration of the course of temperature for large tempera- 
ture fluctuations leads toa quasilinear heat-conduction equation, which for an 
inhomogeneous medium can be written in the form 


G] ou _ Ou 
& (Ale x) i) + F(x, t) = Clu, x)p(u, x) y 


(see Application 3). 


2. Diffusion equation 


If a medium is filled nonuniformly with a gas, then a diffusion occurs 
from the places of higher concentration to places of lower concentration. 
This phenomenon also occurs in solutions when the concentration of the dis- 
solved material is not everywhere equal. 

We shall now consider the diffusion in the interior of a hollow tube or 
in a tube which is filled with a porous substance, under the assumption that 
at any arbitrary moment the concentration of the gas (the solution) in any 
cross section of the tube is constant. Then the diffusion process can be de- 


41 Since with our approximation the temperature distribution inside an individual cross 
section was not considered, the influence of the surface sources is equivalent to the in- 
fluence of the heat sources in the interior. 
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scribed by a function x(x, ¢), which gives the concentration in the cross sec- 
tion at x at time f. 

According to the Nernst law, the mass of the gas passing through the 
cross section at x during the time interval (¢, ¢ + 4t) equals 


dQ = — D(x, HSdt, (3-1.16) 
ox 
where D is the diffusion coefficient and S is the area of the tube cross sec- 
tion. 

From the definition of concentration, 


Q=uVv 


results for the amount of gas found in the volume V. Here we know that 
the change of mass of the gas in the interval (x,, x.) of the tube equals 


4Q= | “e(x) 4u-Sdx 
#4 
when the concentration changes by an amount 4u. Here c(x) denotes the 
coefficient of porosity.” 
The condition for the conservation of mass in the interval (x,, x.) during 
the time interval (f,, ¢,) reads 


72 


S ["[pee Gtk ys as Dery a, | ees | clé)[ulé, te) — ulé, ty)) de. 
Ox Ox 


fy at 


Hence, as in Section 1 we arrive at the equation 


2 (DF) = 3 (3-1.17) 


Ox Ox 


the so-called diffusion equation. It is completely analogous to the heat-con- 
duction equation. For its derivation we assume that in the tube no material 
sources exist, and no diffusion takes place through the tube walls. If we 
take into consideration also the sources, then we arrive at equations which 
correspond to Eqs. (3-1.14) and (3-1.15). 

If the diffusion coefficient is constant, the diffusion equation assumes the 
form 


2. 
Uy = A Uzs 
with 
2 OD 
a=—., 
Cc 


If c= 1 and the diffusion coefficient is constant, the diffusion equation reads 


wu, = Duy. 


42 The porosity coefficient we understand to be the relation between the volume of 
the pores and the total volume Vo, which in this case is equal to Sdx. 
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3. Spatial heat propagation 


Spatial heat propagation can be characterized by the temperature u(x, y, 2, t) 
as a function of the point (x, y, z) and the time ¢. 

If the temperature is not constant, a heat flow occurs which again proceeds 
from places of higher temperature to places of lower temperature. The 
amount of heat flowing through the surface element do at the point (x, y, z) 
during the time interval (¢, + 4t) is given, according to the Fourier law, 
by the formula 


dO 2h Sale, 2 aed. 
on 


Here & is the heat conductivity of the body**® and » is the normal to the 
surface element do in the direction of the heat flow. As is known, 


au = a (m, x) + oe cos (m, y) + ou cos (v, z)= gradu-N, 
on Ox oy 0z 


so that we can write 


dQ = —kgradu:-Ndcdt 


where JN is the exterior normal. Hence it follows that the heat flow per unit 
of time and area is equal to : 


Qn=Q:N (3-1.18) 


where gq = — & gradu is the vector density of the heat flow. 
For the amount of heat which flows through a surface S in the time 
interval (¢;, ¢:), we have 


t : 
a= -| | | & Seat da 
t,Js on 


or 


to te 
Q.= -| | |: gradu:Ndodt =| 
s 


ty 


| \a-Naode (3-1.19) 
S 


ty é 
Further, the amount of heat necessary to raise the temperature of a point 
of the body by 


Au(x, y, z) = u(x, y, z, te) — u(x, y, z, ti) 


is equal to 
= \\ [eotms, ROW ue Be iNav. (3-1.20) 
V 


Finally, if we denote the density of the heat sources by F(x, y, z, ¢), then 
for the amount of heat freed in the volume V in the time interval (¢,, ¢2) 
we obtain 


43 In this case, a homogeneous isotropic body. 
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a={" 


i 


\\ \Fe, 7, ¢, t)dVdt . (3-1.21) 


We shall now formulate the law of conservation of energy for a volume V 
whose surface will be denoted by S. Obviously, we must have 
Q2=Q:-41. (3-1.22) 


Under the assumption that the function wz, in the region considered, with 
respect to the variables x, y, z, is twice continuously differentiable, and with 
respect to ¢, is once continuously differentiable, we now form the relations 
(3-1.19), (3-1.20), and (3-1.21).. By applying Green’s theorem“ 


| q-Ndo=| divqdV 
§ Vv 
and the mean-value theorem of integral and differential calculus for functions 


of several variables, we obtain 


Q, = div g(x,, 1, 21, ts) Vat 


o 
Q.= Coll xe, Yor Zo, te) — U(X2, Ye, 22, LIV = ce race Yo, 22, b,)VAt 


Qs = F(x3, ys, 23, ts) Vdt 


or, after division by Vd4t follows 


cp = (Xe5 V2 2358.) = — div ais 915 214s) + PGs Sav 2se0ts) & -(3-1.23) 
Here all the values of the argument lie within the region considered, i.e., 
they are the coordinates of certain interior points of V for a certain value 
of time in the interval (f,, ¢.). 
Equation (3-1.23) holds for any volume V within the body. If we shrink 
the volume to the point with coordinates x, y, z, and carry out the passage 
to the limit ¢,;, t, >¢, we obtain*® 


co 2 (x, y, z, t) = — div q(x, y, 2, t) + F(x, y, z, 0) (3-1.24) 
because of continuity of the derivatives. 


If now q is replaced according to (3-1.18), we obtain the heat-conduction 
equation 


cou, = div (k gradu) + F 


ae Z(3 a) + ae ats maG =) zy oe (3-1.25) 
Ox dz 


If the body is homogeneous, we usually write this in the form 


or 


In this formula as in (3-1.19) the exterior normal is assumed. 
48 F(x, y, 2, t) is assumed to be continuous in the region considered. 
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tty = A(z, + thy + Ur) + a , (3-1.26) 
p 


where a’ = k/cp is the temperature conductivity, or also 


Wwegive pe fk, (3-1.26') 
co 
where 
_ @ a 3 
ap ayy az? 


is the Laplace operator. 


4. Formulation of boundary-value problems 


In order to determine the solution of the heat-conduction equation in a 
unique manner in each case we must still consider the initial and boundary 
conditions along with the equation itself. 

In contrast to the differential equations of the hyperbolic type, only the 
initial conditions arise here in the prescription of the values of the function 
u(x,t) at the initial time t. 

The boundary conditions can assume different forms, according to the 
temperature conditions considered on the boundary. We thus distinguish 
three principal types of boundary conditions. 

1. At the end of a rod (x =0 or x =/) the temperature is prescribed, 
e.Z., 

u(O, t) = p(t), (3-1.27) 


where uz(t) is a function defined in the interval 4; <¢< 7. Here T charac- 


terizes the time interval in which the process is considered. 
2. At one end, the value of the derivative is prescribed, e.g., 


au th=y,(t). (3-1.28) 
ax 


We arrive at this condition when the heat flow Q(/, t) occurring at the end 
of the rod is given by 


From this there results (dz(/, t)6x) = v(t), where v(t) is a known function; then 
we obtain 


QL, t) 


(?)=—- So, 
(t) b 
3. At one end a linear relation exists between the derivative and the 
function given by 


aes. t) = — a{u(l, t) — a(t] . 
Ox 
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This boundary condition corresponds to Newton's heat exchange of the surface 
of the body with the surroundings whose temperature @ is known. There- 
fore, if for the flow of heat which flows through the cross section at x =/ 
we use the two expressions 


Q = hiu — 0) 
and 
Ou 
Q=-ae, 


we obtain the mathematical formulation of the third boundary condition in 
the form 


Oh = Md) = OW), (3-1.29) 
Ox 

where 4 = h/k is the heat-exchange coefficient and 6(¢) is a prescribed func- 
tion. For the cross section at x = Oof the rod (0, 7) the third boundary con- 
dition reads 


(0, t)= + A{u(0, t) — (t)] . (3-1.29') 


Naturally, the boundary conditions for x = 0 and x =/ can be different 
so that the number of possible boundary conditions is large. 

If the system considered is inhomogeneous and the coefficients of the 
differential equation are discontinuous functions, we divide up, in a suitable 
manner, the interval (0, /) in which the solution is sought, by the points of 
discontinuity, and the coefficients into several subintervals, in such a way 
that the function # within these subintervals satisfies the heat-conduction 
equation and at the points of discontinuity satisfies the corresponding transi- 
tion conditions. 

In the simplest case these conditions are the continuity of the tempera- 
ture and the continuity of the heat flow, 


u(x; — 0, t) = u(x; + 0, 2) 
bla: — 0)! (x; — 0, t) = Alas + 0) (xs + 0, 0) 
ox Ox 
where x; are the points of discontinuity of the coefficients. 

Besides the problems discussed here, limiting cases also arise. We shall 
consider the heat conductivity in a very long rod. In the course of a suffi- 
ciently small time interval, then, the influence of the temperature conditions 
prescribed at the end points on the middle portions of the rod is very small, 
so that the temperature of these parts alone are determined by the initial 
temperature distribution. In this case the exact consideration of the rod 
length is of no significance, since a change in the rod length has no essential 
influence on the temperature of the portions of the rod of interest to us; for 
such problems we usually assume the rod to be of infinite length. Thus we 
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have an initial-value problem (the Cauchy problem) for the temperature dis- 
tribution in an infinite straight line, i.e.: 

Find a solution of the heat-conduction equation in the region —a <x <0, 
t=t,, which satisfies the equation 


u(x, fo) = ¢(x), —-wo<cxr<cto, 


where ¢(x) is a prescribed function. 

Correspondingly, the temperature in an element of the rod which lies 
nearer to one end and far from the other end is determined in practice by 
the temperature condition of the near end and the initial conditions. In such 
cases, we at least assume the rod to be bounded on one side and the coordi- 
nates from the bounded end to lie within the region defined by OS x S =. 
AS an example we shall formulate the first boundary-value problem for a 
one-sided bounded rod: 

Find a solution of the heat-conduction equation in the region 0<x<0o, 
ty = ¢ which satisfies the conditions 


u(x, ty) = ¢(x), O<x<m 


u(O, t)= p(t), teh (3-1.30) 


where o(x) and p(t) are prescribed functions. 

The above formulated problems represent limiting cases (degenerate) of 
the fundamental boundary-value problems. A different limiting case of the 
fundamental boundary-value problem occurs when the exact initial conditions 
are not taken into consideration. Obviously, the influence of the initial con- 
ditions on the temperature propagation along a rod weakens in the course of 
time. If the time point of interest is sufficiently long from the initial time, 
the temperature of the rod is determined primarily by the boundary condi- 
tions, since a change of the initial conditions shows no change in the tem- 
perature condition of the rod (within the limits of accuracy of observation). 
In this case we must also assume that the process continues indefinitely and 
the effect of the initial conditions has ceased. 

In this manner we arrive at boundary-value problems without initial con- 
ditions: Find a solution of the heat-conduction equation for 0 = x </ and 
{> — co which satisfies the conditions 


u(0, t) = w(t) 
u(l, t) = p(t). 


According to the nature of the boundary conditions, other types of problems 
without initial conditions are also possible. Of great importance is the prob- 
lem without initial conditions for a one-sided bounded rod (=o): Find a 
solution of the heat-conduction equation for 0 < x < «, tf > — co which satisfies 
the condition 


(3-1.31) 


u(O, t) = p(t), (3-1.27) 


where #(t) is a prescribed function. 
Often one encounters problems without initial conditions but with periodic 
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boundary conditions, 
u(t) = A cosat (3-1.32) 


(see Section 3-5 § 1). 

Naturally we presume that the temperature of the rod varies after a 
sufficiently long time and, similarly, periodically with the same frequency. 
However, if the influence of the initial conditions were taken into considera- 
tion exactly, we could never obtain a periodic solution; since the influence 
of the initial conditions is continuously decaying, it completely vanishes; 
indeed the consideration of such cases, because of unavoidable errors of ob- 
servations, are senseless. The investigation of a periodic solution is analog- 
ous, therefore, to a neglect of the initial conditions. 

Finally, the above formulation of the boundary-value problem does not 
refer only to equations with constant coefficients. Under the ‘‘heat-conduc- 
tion equation’’ we can subsume each of the equations of the preceding sec- 
tions. 

In addition to the linear boundary-value problems cited above we also 
have to investigate problems with nonlinear boundary conditions, for example, 
of the form 


k 0, t) = alu*(0, t) — "0, t)). (3-1.33) 


This boundary condition corresponds to the Stefan-Boltzmann law underlying 
heat radiation from the point x = 0 in a medium with the temperature @(?). 

We shall now consider the formulation of boundary value problems in 
some detail and begin with the first boundary-value problem for a bounded 
region. 

A function u(x, t) is called a solution of the first boundary-value problem 
if it has the following properties: 

1. It is defined and continuous in the closed region 


Osxsl, istsT. 
2. It satisfies the heat conduction equation in the region 
O< el, ee ae ie eae Ga 
3. It satisfies the prescribed initial and boundary conditions, 1.e., 
u(x, to) = g(x), uO, t)=witt), ul,th=nft, 


where g(x), u,(¢) and y(t) are continuous functions which satisfy the transi- 
tion conditions 


(0) = wilto) [= u(0, to)] 
and 
ol) = pe(to) [= u(l, to)] 


which are necessary for the continuity of u(x, t) in the closed region. 
We consider now the x, ¢ phase plane (Figure 37). In our problem we 
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seek a function a(x, t), which is defined in the interior of a reetangle ABCD. 
This region is already determined by the statement of the problem, since 
the course of the heat propagation in the red 0S x <7 during the time in- 
terval ¢s ¢= 7, in which the heat behavior 
of the boundary is known, was already in- 
vestigated. Let f) = 0; we assume that w(x, f) 
satisfies the heat-conduction equation only 
for O< x <1,0<tsT, ic., not for f=0 
(the side AWB) or for x = 0, x -—-T7/ (the sides 
AD and BC). For t=0, as well as x —0 
and x = 71, the value of this function is given 
directly by the initial and boundary condi- 
FIG. 37. tions. To require that the heat-conduction 
equation, for example, be satisfied also for 
£=0 would imply that the derivative y’’ = u,,(x, 0) in this equation exists. 
Therefore, the generality of the physical phenomena to be investigated is 
limited, and thus the basic functions which do not satisfy this requirement 
are eliminated from consideration. The condition (3-1.3) loses its meaning 
when it is not required that u(x, ¢) in the regionO <x </,0< tS T (ie., in 
the closed rectangle ABCD) be continuous or this requirement must be replaced 
by another appropriate assumption.** To understand the significance of this 
requirement we consider the function v(x, ¢) defined by the following condi- 
tions: 








wx, th=C, O<xr<l, O<tisT 
v(x, 0) = v(x), Osxsl 
v(O, 1) = w(t), vl, ft) = w(t), OstsT 

where C is an arbitrary constant. The function v obviously satisfies both 
condition (3-1.2) and the boundary conditions. Hlowever, this function in no 
case describes the course of the heat distribution in the rod with an initial 
temperature g(x) # C and boundary temperatures p,(/) # C and p(t) # C, since 
it is discontinuous for £=0, x =0, x =1. 

The continuity of a(x, t) forO<x«<1,0<t< F directly follows in that 
u(x,t) satisfies the differential equation. Therefore, the requirement that 
u(x, t) be continuous inO<x</,0<%¢ 7, is based essentially only on those 
points at which the boundary and the initial values are prescribed. In the 
following, by a solution of the equation which satisfies the boundary condi- 
tions, we shall always mean a function which satisfies the requirements (3-1.1), 
(3-1.2), and (3-1.3) and hence not repeat these each time, unless there are 
special conditions. 

Correspondingly, this is the case for other boundary-value problems, in 
particular for problems of an infinite rod and problems without initial condt- 
tions. 








46 Later, boundary-value problems with discontinuous boundary and initial conditions 
will be considered. For these, the problems will be properly defined so that the boundary 
conditions are fulfilled. 
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For problems with several independent geometric variables the above 
statements remain valid. In these problems, an initial temperature and 
boundary conditions determined on the surface of the body are prescribed 
for ¢=0. We can also investigate problems for infinite domains. 

With regard to all the problems discussed. the following problems exist’: 
Are the solutions of the problems discussed uniquely determined? 

Does a solution exist? 

3. Do the solutions depend continuously on the auxiliary conditions? 

If a problem admits of many solutions, then we naturally cannot speak 
of ‘‘the solution of the problem.’’ and we must first prove the uniqueness. 
In practice, the second question above is the most important. since generally 
in proving the existence of a solution, we simultaneously find methods for 
its calculation. 

As noted earlier (see Section 2-2 $3) we speak of a physically determined 
process when a small change in the initial or boundary conditions causes a 
small change in the solution. In the following, it will be shown that heat 
propagation is determined physically by the initial and boundary conditions. 
i.e., a Sinall change in the initial or boundary conditions tmplics a small change 
in the solution. 


wo — 


5. The principle of the maximum 


In the following we shall investigate differential equations with constant 
coefficients, 


v= ay. + fre typ. (3-1.34) 
As already shown, these equations, by the substitution of 


r . 
v= with p=— 


can be brought to the form 


t= au, . (3- 1.35) 


The solutions of this equation have the following properties which will 
be denoted as the principle of the maximum. 

A function a(x, f) defined and continuous in the closed region Os 7 < 7, 
0 <x </ and satisfying the heat-conduction equation 


uy = ay, (3-135) 


in the region 0 <t< 7,0 <x </ assumes its maximum or minimum at the 
initial moment ¢ =0 or at the boundary points x =0 or r=/. 

Before we prove this, note that the function a(x, 7) -—- const. obviously 
satisfies the heat-conduction equation and assumes a maximum (minimum) at 
each point. However, this does not contradict our assertion, because it means 
only that when a maximum (minimum) is assumed in the interior of the region 
it is also (but not only) assumed for ¢ =O or for x=Qorv 1. 


47 Cf. Section 2-2. 
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The physical significance of this statement is immediately clear: if the 
temperature on the boundary and at the initial moment does not exceed a 
value ™M, then in the interior of the body no temperature higher than M can 
be attained. We shall limit ourselves to the proof of the statement of the 
maximum and give an indirect proof. We shall designate by M the maxi- 
mum value of w(x, t) for f=O0(0S x SJ orforx =0o0rx=/(0 Sits T)and 
assume that the function u(x, f) assumes its maximum at an interior point 
eit lO < ee OS eel) 


u(xo, to) = M+e. 


We now compare the signs in Eq. (3-1.35) at the point (x, f). Since the 
function at (x9, fo) assumes its maximum,” then necessarily 


a2 
ty ag sae ee ee. (3-1.36) 
Ox Ox 


Also, since u(x, t) for t= t, has a maximum,” then 


SU (x0, to) = 0. (3-1.37) 

at 
By comparison of the signs on the left and right sides of (3-1.35) it follows 
that both sides can be different. These considerations, however, still do not 
prove the correctness of our theorem; since the right and the left sides can 
simultaneously equal zero, it would signify no contradiction. We bring forth 
this consideration simply to emphasize the fundamental concepts of our proof. 
For the completion of the proof we shall seek more than one point (x, 4) 
at which @’u/ax> <0 and @au/ét>0O. Therefore, we consider the auxiliary 
function 

v(x, t) = u(x, t) + k(t, — f), (3-1.38) 


where & is a constant. Obviously then 


(Xo, to) = U(Xo, to) = M+ € 
and 
Rito —t) SRT. 


48 If the continuity of u(x, t) were assumed in the bounded regionO0<x<l1,0St<T, 
then the function u(x, t) could not exceed its maximum, and further considerations would 
be contradictory. On the basis of the theorem that every continuous function in a bounded 
region attains its maximum, then (a) the function u(x, t) attains a maximum within or 
on the boundaries which will be denoted by M; (b) if u(x, t) also were to exceed M only 
at a point, then a point (x9, t)) would exist at which the function u(x, t) assumes a maxi- 
mum which is larger than M: u(x, t)= M+e(e>0), where0O <x <lO<th<T. 

42 As is known from analysis, for the existence of a relative minimum of a function 
f(x) at an interior point x9 of an interval (0,1), the conditions 

af] _ 9 af 


=v 
6x r=19 6x? 


>0 








II=XGq 
are Sufficient. If, therefore, at the point xo the function f(x) has a maximum value, then 
(a) f’(xo) = 0, and (b) f’’(xo) > 0 cannot hold; therefore f’’(xo) = 0. 

50 Obviously, du/ét = 0, in case to) < T, whereas for tp) = T, then du/ét = 0 must hold. 
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We now select k > 0 so that kT < ¢/2, i.e., let k < ¢/2T; then the maximum 
of v(x, t) for f£=0 or for x =0,x=/ does not exceed the value M4 ¢/2, 
i.€., 


v(x, 1) = M+ > for ¢=Oorx=0,x=1, (3-1.39) 


since for this argument the first summand of (3-1.38) is not larger than M, 
and the second is not larger than ¢/2. 
Now, v(x, f) is a continuous function. Thusa point (x,, f,) exists at which 
it assumes its maximum. Then we have 
v(x1, t:) 2 v(xo, fo) =Mt+e. 
Therefore, ¢; > 0 and 0 < x, < /, since for ¢=Oor x = 0, x =/ the inequality 
(3-1.39) is valid. It follows that 


Vyx(X1 , t,) = Uzs(X1 ’ t,) =0 


and 

v(x, 2:) = u(x, t;)-R= 0 or u(x%1,4)2R>0. 
By comparison of the signs on the right and the left sides in (3-1.35) at the 
point (x,, f;) we conclude that Eq. (3-1.35) at the point (x,, f;) cannot be satis- 
fied, since the quantities on the right and left sides have different signs. 
Therefore, the first part of our proposition is proved. The statement for the 


Minimum can be proved analogously, and it is sufficient to apply the first 
part to uw4,=— 4. 


6. The uniqueness theorem 


We turn now to a Series of consequences of the principle of the maxi- 
mum. First, we prove the uniqueness theorem for the first boundary-value 
problem. If the functions u,(x, f) and u,(x, f), which are defined and continu- 
ous in a region OX x</,0<t<T, and which satisfy the heat-conduction 
equation 


Up = At + f(x, b) for O<x<lt>0 (3-1.35’) 

as well as the same initial and boundary conditions 

u(x, 0) = u(x, 0) = v(x) 

u,(O, t) = 22(0, t) = pilZ) 

u,(l, t) = ul, t) = pAlt), 
then necessarily” 

uy(x, t) = u,(x, ft). 

For the proof of this theorem we consider the function 


51 Previously this theorem was refined and the continuity requirement at t = 0 was 
dropped. 
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v(x, t) oa u(x, t) a u(x, t) - 
Since w,(x, t) and w(x, t) for 
Osxsil, OstsT 
are continuous, their difference v(x, t) in the same region is continuous. Further, 
v(x, t) as the difference of two solutions of the heat-conduction equation for 
0<x <1,t>0 is similarly a solution of the heat-conduction equation in that 
region. Consequently, the principle of the maximum can also be applied to 


this function, and the maximum and the minimum of v(x, t) fort = 0 or x = 0 
or x =/] is assumed. According to the hypothesis we obtain 


v(x, 0) =0, v0, t) = 0, vil, th=0. 
Therefore, also 


v(x, t) =0, 


u(x, t) = U(X, t) ’ 


from which the uniqueness of the solution of the first boundary-value problem 
follows. 

We shall now prove a series of direct conclusions from the principle of 
the maximum. In the following discussion we shall refer to ‘‘the solution 
of the heat-conduction equation,’’ instead of enumerating the properties of 
the function in detail which also satisfy the initial and boundary conditions. 

1. If two solutions w,(x, t) and w.(x, t) of the heat-conduction equation 
satisfy the conditions 


11(X, 0) < U(x, 0) ’ u,(0, t) s u,(0, t) ? u,(1, t) < ur(l, t) ? 
then 
wi(x, t) S u(x, t) 


forallO<x</J0StST. 
The difference v(x, t) = u(x, t) — u,(x, t) satisfies the conditions on which 
the principal of the maximum is based; also 


v(x, 0) 20 v(0, tf) 2 O vl, th 2o. 
Therefore 
v(x, t) 2 0 for O<x<1,0<t<T, 
since v(x, t) in the region 
O<x<l, O<tsST 


would otherwise have a negative value. 
2. If three solutions 


u(x, t), u(x, t), u(x, t) 


of the heat-conduction equation satisfy the conditions 
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u(x, t) S u(x, t) S U(x, t) for t=0, x=0, x=l, 


then this inequality is fulfilled for all x inO<xsJandall¢inO<t<T. 
This assertion represents an application of conclusion (1) to the func- 
tions 


u(x,t), u(x,t) and u(x,t), u(x, ?). 


3. If, for two solutions (x, ¢) and u,(x, t) of the heat conduction equa- 
tion, the inequality 


| u(x, 4) — u(x, t)| Se, for ~=0, x=0, x=l 


is valid, then 


for all x, ¢ in 


is satisfied. 
This assertion results from conclusion (2), when we apply the heat-con- 
duction equation to the solutions 


u(x, t) = 1(x, t) — u2(x, t) 


u(x, t)=e. 


The question regarding the continuous dependence of the solution of the 
first boundary-value problem on the initial and boundary conditions is an- 
swered completely by conclusion (3). To understand this, we consider a solu- 
tion u(x, 7?) which satisfies other initial and boundary conditions, instead of 
the solution of the heat-conduction equation which corresponds to the initial 
and boundary conditions 


u(x, 0) = 9(x), u(O, t) = palt) , u(l, t) = p(t). 


Let these be given by functions y*(x), u(t) and #2(¢) which differ by less than 
e from the functions ¢(x), i(¢), and p2(t): 


ig(x)-e*(lSe, Iett)—ei(dlSe, |yurlt)—wi(t)| Se. 


However, the function u,(x, ¢) according to conclusion (3) differs by less than 
e from the function x(x, ?t): 


| u(x,t) —ui(x, | Se. 


Here the principle of the physical determination of a problem arises directly. 
We have investigated in detail the question of the uniqueness and the 
physical determination of a problem in the case of the first boundary-value 
problem for a bounded interval. The uniqueness theorem for the first boundary- 
value problem for a two-or three-dimensional bounded region can be proven 
by a verbatim repetition of these deliberations. 
Similar questions arise in the investigation of other problems, an entire 
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series of which was discussed in the preceding paragraphs. These problems, 
however, require certain changes in the method of proof. 

The solution of the problem for an unbounded region (see Section 7) or 
a problem without initial conditions is uniquely determined only if the sought 
functions are still subjected to certain auxiliary conditions. 


7. The uniqueness theorem for the infinite straight line 


For the solution of a problem on the infinite straight line it is essential 
to require the boundedness of the sought function in the entire region, i.e., 
there exists an M such that | w(x, t)| <M holds for all — © < x < + o and 
t= 0. 

If u,(x, ¢) and w(x, t) are two continuous and bounded functions for all 
values of the variables x and ¢ considered, and if they satisfy the heat-con- 
duction equation 


Up = Ux, , —-o<x<0,t>0 (3-1.35) 
and the conditions 
u(x, 0) = w(x, 0), — 0 <x < 0 
then 
u(x, t) = u(x, t), —-wo<x<w, ted. 


We consider, as before, the difference 
v(x, t) = 2,(x, t) — u(x, t). 
The function v(x, t) is continuous, satisfies the heat-conduction equation, is 
bounded in the entire region 
| o(x, t)| S | uitx, 2) | + | a(x, t)| < 2M, —-o<xr<w,t20, 


and satisfies the condition 
v(x, 0) =0. 
The principle of the maximum, which was used for the proof of unique- 
ness for the case of a bounded interval, is not directly applicable here, since 


the function v(x, ¢) in an unbounded region need not assume its maximum 
at any point. In order to use this principle we consider a region 


ee Se 


where L is a parameter which is permitted to increase unboundedly, and a 
function 


2 
Vix, t) = “(Ss rs at) (3-1.40) 


which is continuous, satisfies the heat-conduction equation (which we can 
easily verify by differentiation), and also satisfies the inequalities 


V(x, 0) 2 | v(x, 0) | =0 
VitL,t)22M2 +L, 2). 
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If we apply the principle of maximum to the region |x| < L, we obtain 


2 2 
— iM (F Ee a't) < v(x, t) < a (5 ae at) (3-1.41) 





If we now consider any fixed pair of values (x, tf) and let L increase un- 
boundedly, we obtain 


v(x, t) =0, 


and thus our theorem is proved. 
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1. The homogeneous boundary-value problem 


We turn now to the solution of the first boundary-value problem for the 
heat-conduction equation 


Uy = Au, + f(x, t) (3-2.1) 
with the initial conditions 
u(x, 0) = g(x) (3-2.2) 
and the boundary conditions 
u(O, t) = w(t), u(l, t) = p(t). (3-2.3) 


For the investigation of the general first boundary-value problem we begin 
with the solution for the simplest case. 
Problem 1. Find the solution of the homogeneous differential equation 


Ur = AUs: , (3-2.4) 
which satisfies the initial conditions 
u(x, 0) = g(x) (3-2.2) 
and the homogeneous boundary conditions 
u(O, t) =0, u(l, t) =O. (3-2.5) 


For the solution of this problem we shall first consider, as is customary 
in the method of separation of variables, the following general auxiliary 
problem: 

Find a nonidentically vanishing solution of the differential equation 

Up = Buys ; 


which satisfies the homogeneous boundary conditions 


u(0, t) = 0, u(l, t) = 9 (3-2.5) 
and is representable in the form 
u(x, t) = X(x)T(t) , (3-2.6) 


where X(x) is a function dependent only on x and 7(¢) depends only on ¢. 
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If we put (3-2.6) into (3-2.4) and divide both sides of the equation so ob- 
tained by a’XT, then we obtain 


fee ae es eg (3-2.7) 
where 2 = const., since the left side of the equation depends only upon ¢ and 


the right only on x. 
Hence, we obtain the equations 


xX" +13’X=0 (3-2.8) 
T La =v, (3-2.8’) 

whereas the boundary conditions (3-2.5) become 
X(0) =0, X(/)=0. (3-2.9) 


For the determination of X(x) we obtain the eigenvalue problem 
X" + 3X=0, XY =0; xX) =0, (3-2.10) 


which has already been investigated for the solution of the wave equation 
(Section 2-3 §1), where it was shown that only for the value of the parameters 


Re (2). HNO Soot (3-2.11) 
do nontrivial solutions of Eq. (3-2.8) exist eek are then equal to 
X,Ax) = sin bo (3-2.12) 
These values 2, correspond for Eq. (3-2.8’) to the solutions 
Lay See (3-2.13) 


where C, are still arbitrary constants. 
For the auxiliary problem, therefore, the functions 


unlx, t) = Xe(x)T p(t) = Cree! sin oe (3-2.14) 


are particular integrals of Eq. (3-2.4) which satisfy the homogeneous boundary 
conditions (3-2.5). 
To solve Problem 1, we formally construct the series 


u(x, t) = > Cyentenso 20% sin x (3-2.15) 


n=1 


The function u(x, 7) satisfies the boundary conditions since these are satisfied 
by every member of the series. If the initial conditions are to be satisfied 
also, then we must have 


v(x) = u(x, 0)= 3 Cn sin x (3-2.16) 
n=1 


i.e., C, are the Fourier coefficients of the function g(x) when these are de- 
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veloped in the interval (0, /) in a sine series: 


Ca = Gr = + \\ee) sin ae : (3-2.17) 
0 


The coefficients C, of the series (3-2.15) must now have the value defined 
by (3-2.17). To show that this series then satisfies all the conditions of 
Problem 1, we must prove that the function defined by (3-2.15) is differenti- 
able, satisfies Eq. (3-2.4) in the region 0 < x </1,¢> 0, and at the boundary 
points of this region (for ¢=0, x =0 and x =/) is continuous. 

Because of the linearity of Eq. (3-2.4), a series consisting of particular 
integrals, according to the superposition principle, is also a solution if this 
series converges and is termwise twice differentiable with respect to x and 
once with respect to ¢ (see the auxiliary theorem in Section 2-3 §3). We 
show next that the series arising by termwise differentiation 

2. On © On 


n=1 Ot and oy ax? 








for t=?f> 0 (¢ isa fixed number) converges uniformly. Therefore, we con- 
sider the expression 


Oltn 
ot 











2 
v8 - TH 
= | = Cr (5) a’n®e (xl) 7a Sin ra x 


2 
<1[Cal (4) ane (nit are 





In the following we shall formulate the additional conditions which the func- 
tion g(x) must satisfy. First, let g(x) be bounded | y(x)| < M; then 


iCal = LF] | eter sin ea < 2M, 
0 


from which 


OUn 
ot 





| . 








and correspondingly there follows 


2 
OUn 
ox? 








2 
< 2M (+) ate for BT. 





In general, we find 


oft, 
ot*ax' 





2k4+l 
(+) nrktlg2ke—(xn/b 2a2t for fat, 








The convergence of the majorant Ya, with 
an = Naven'an/) ate (3-2.15’) 
results from the D’Alembert criterion, since 


An+1 


an 


a 2a2(n2 . q 
- . n 1 7 @ (n/D 4a4(net2nt1) : 1 z _ 
lim ay ee ee =lim J+— e (xf/b 2a2 (anti) t —0. 
n +0 ni evil a2n2t ae n 


n-o 
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Hence, it follows that the series (3-2.15) for ¢ = ¢ > 0 is arbitrarily often term- 
wise differentiable. Further, we conclude from the superposition principle 
that the function defined by this series satisfies Eq. (3-2.4). Since ¢ is arbi- 
trary it holds for allt >0. Consequently, the series (3-2.15) for ¢ > 0 represents 
a function which is arbitrarily often differentiable and satisfies Eq. (3-2.4).” 

If the function g(x) is continuous, possesses piecewise continuous deriva- 
tives, and satisfies the conditions g(0) = 0 and g(/) = 0, then the series 


u(x, t) = ¥ Cyert7/? 2% sin a , (3-2.15) 
n=l 


defines a continuous function for ¢ = 0. 
From the inequality 


| un(x, t)| <|Cr | for t20,0sxs!/ 


follows directly the uniform convergence of the series (3-2.15) fort =0,0S xs. 
Since for a continuous and piecewise smooth function g(x) the series of the 
absolute values of the Fourier coefficients converges uniformly in case 
(0) = y(!) = 0, we have proved the proposition.** We have, therefore, completely 
solved the first boundary-value problem for the homogeneous equation with 
homogeneous boundary conditions with continuous, piecewise smooth initial 
conditions. 


2. Green's function 


We turn to Eq. (3-2.15) obtained above in which we introduce the corre- 
sponding values for C,: 


= ee 3 
u(x, t) = > Crem '*7/9 20% sin o Xx 


n=l 


D) [> | g(§) sine dé |e en (n/t *a2t sin a 
n=l 0 


t 
2 FE grtensn rate gin y-sin Me |yleyde . 
7 n=l I l 
Summation and integration can be interchanged for ¢ > 0, since the series 
for ¢ > 0 in the brackets converges uniformly with respect to é.** 
We now set 


n 


Gx, §, ) =F ern tet sin x sin Me, (3-2.18) 


With the use of this function G(x, €, t), u(x, f) can be written in the form 


82 In proving that the series (3-2.15) satisfies the equation uu; = a2u:r, for t > 0, only 
the boundedness of the Fourier coefficients C, was used. This, however, is the case for 
bounded ¢(x). 

53 See Section 2-3 $3. 

54 The series Yan, where a» is taken according to formula (3-2.15’), represents a 
majorant corresponding to the series, standing for g = 0, in the brackets. 
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L 
u(x, t) = | G(x, & tylédé . (3-2.19) 
6 


The function G(x, &, t) is known as Green’s function (source function). We 
shall investigate its significance. 

We shall show that G(x, &, t), considered as a function of x, represents 
the temperature distribution in the rod 0< x </ at time ?¢, provided (1) the 
temperature at the initial moment ¢ =0 is equal to 0, and (2) at this time 
at the point x = £acertain amount of heat (whose magnitude we shall deter- 
mine later) is free while at the boundary (x =0, x =/ of the rod) in the course 
of the total process the temperature remains equal to 0. 

By the term ‘‘amount of heat Q free at the point é’’ we shall mean as 
usual that an amount of heat exists which is freed in a sufficiently small 
interval about the point € considered. The temperature change ¢-(§) which 
is produced by the appearance of the amount of heat about the point € outside 
of the interval (€ — «,& +e) is equal to zero; by contrast ¢-(&) inside of this 
interval can be regarded asa positive, continuous, and differentiable function 
and is such that 


cp | eee z=, (3-2.20) 


since the left side of this equation precisely represents the amount of heat 
producing the temperature change of amount ¢-(€). The temperature distri- 
bution in this case is given by formula (3-2.19) 


ue(x, t) = | ou, E, thpe(E) dé . (3-2.21) 


Now we let ¢« tend toward 0. From the continuity of G(x, &,t) for t>0 
as well as Eq. (3-2.20) we obtain next by use of the mean-value theorem for 
fixed x, 7 


, 


E+e 
U(X, t) = | 


é-e@ 


G(x, &, t)pelé) dé = G(x, &, 2) | geld dé = Glx, 2 


f—e co 
(3-2.21') 


where &* is a determined point in the interval (€ — e,& +e) and the integral 
of ge(€) exists as e—0 and is equal to Q/cp. Because of the continuity of 
G(x, &, t) with respect to € for ¢ > 0 there then results 


lim tte(x, t) = 2 Gx, é,t)= Oe 5 en ian/) 2a? sin x-sin = é : (3-2.22) 
e—0 ce ce [n= l l 

Hence, it follows that G(x, &, 7) represents the influence of the temperature 
of a heat pole of intensity Q =cp occurring instantaneously, which is found 
at time ¢=0 at the point é in the interval (0, 2). 

We shall now prove the following property of the function G(x, é, t): For 
arbitrary x,& and ¢t > 0, G(x, &, t) 20. For the proof we consider the initially 
given function g(x) with the above stated properties and the corresponding 
solution (3-2.21). Since the initial conditions and the boundary conditions are 
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nonnegative, it follows from the maximum principle that 
u(x, t) 20 
for allOsS xsl] andt>0. Hence, it follows by consideration of (3-2.21) 


Q 
cp 
as «— 0, and from (3-2.21') we obtain 


G(x, €, t) 20 for Osx, Esl, t>0Q. 


u(x, t) = G(x, é*,)-2=0 ~~ for t>0 (3-2.21') 


This result has a simple physical significance which, however, can be 
recognized directly only from (3-2.19), since G(x, &, t) can be represented there 
by an alternating series. 


3. Boundary-value problems with discontinuous initial conditions 


The theory treated above was based on solutions of the heat-conduction 
equation which are continuous ina bounded regionOsx</,0stsT. This 
requirement is a significant restriction. We consider, for example, the simple 
problem of the cooling of a uniformly heated rod on whose boundaries the 
temperature is equal to 0. Here the auxiliary conditions read 


u(x, 0) = uw, u(0, t) = ull, t) =0. 


If uw, # 0 then the solution of this problem at the points (0, 0) and (0, 7) must 
be discontinuous. This example shows that the continuity of the initial con- 
dition required above and its compatibility as defined above are caused by 
the boundary conditions—a fact which, in practice, excludes very important 
cases from consideration. However, formula (3-2.19) also yields the solution 
of the boundary-value problem in this case. 

If we wish to use the results of the above theory without neglecting its 
domain of applicability, we must concern ourselves with an extension of this 
theory that also encompasses the fundamental problems. There are numer- 
ous formulas used in applications outside their domains of validity in addition 
to those which are, in general, stated according to the conditions for their 
applicability. The consistent basis of all formulas would be too time con- 
suming and would deviate from the quantitative and qualitative aspects of 
those processes which are characteristic for these physical methods. 

On the other hand, we retain what is necessary, at least with respect to 
the simplest examples, to give a basis of the mathematical apparatus suff- 
cient for the solution of the fundamental problem. 

We shall consider boundary-value problems with piecewise continuous 
initial conditions without assuming that the initial function in the above-defined 
sense is compatible with the boundary conditions. This class of auxiliary 
conditions is, in practice, sufficiently general and for the explanation of the 
theory sufficiently simple. Our goal, therefore, is to show that formula (3-2.19) 
still gives the solution of the problem described. The necessary investigations 
will be carried out in single steps. First, we shall prove the theorem: 
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The solution of the heat-conduction equation 
Ur = Us, , O<x<l, ti>0o, (3-2.4) 


which is continuous in the closed region0< x </,0<#< 7 and satisfies the 
conditions 


u(O, tf) = u(l, t) = 0 (3-2.5) 
u(x, 0) = v(x) (3-2.2) 


where (x) is an arbitrary continuous function vanishing at x =0 and x =1, 
is determined uniquely and is represented by 


u(x, t) = | ou, E, t)p(é)dé . (3-2, 19) 
0 


We have already proved this theorem under the assumption that ¢(&) 
possesses a piecewise continuous derivative. 

We shall now prove the theorem without this assumption. Therefore 
we consider a sequence of piecewise continuous differentiable functions ¢,(x), 
(0) = ¢,(1) = 9, which converges uniformly towards ¢(x), since ¢,(x), for 
example, can be chosen as the function which represents the step function 
which coincides with g(x) at the points /-k/n,k=0,1,2,-+-+,. The func- 
tions u,(x, ¢) defined by (3-2.19) through ¢,(x) then satisfy all the assumptions 
of the theorem, since the ¢,(x) are piecewise differentiable. The functions 
u,(x, 4) converge uniformly towards a continuous limit function u(x, t). To 
each e— 0, therefore, we can find an z(e) such that 


lax) —gal(x)l<e, OSxSs1 
when 7, #1, 2 m(e), since these functions, by hypothesis converge uniformly. 
From this, on the basis of the principle of the maximum it also follows that 


| n(x, é)—un(x,)1<e, O8x85/, OStsT 


functions w,(x, ¢) toward a continuous limit function u(x, ¢) is demonstrated. 
If now for fixed x and ¢ we pass to the limit under the integral sign, it 
follows that the function 


when 7, #2 2 (ec). Therefore, the uniform convergence of a sequence of 


z U 
u(x, £) = lim ug(e, 2) = lim | oe, &, t)palé)dé = | ou, g, tele) dé 
exists in the closed region 0S xS/,0<¢t#T, is continuous, and satisfies 
the conditions (3-2.2). Referring to footnote 52 we see that this function also 
satisfies Eq. (3-2.4) and hence the theorem is proved. 

As the following deliberations will show, the function u(x, ¢) defined by 
(3-2.19) is a uniquely determined continuous solution of our problem. 

We turn now to the proof of the uniqueness theorem for the case of a 
piecewise continuous initial function g(x) without assuming that this function 
is compatible with the boundary conditions and we prove: 

A function which is continuous in the region ¢>Oand forO0<x</,t>0 
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satisfies the heat-conduction equation 


ie =O Ux (3-2.4) 
the homogeneous boundary conditions 
u(0O, t)= ui, t) =0, (3-2.5) 
and the initial condition 
u(x, 0) = (x) (3-2.2) 


is uniquely determined when 
1. It is continuous at the points of continuity of the function ¢(x); 
2. It is bounded in the closed region 0S x </,O0 StS fy (tp is an arbitrary 
positive number). 
We assume that such a function exists, and on the basis of the preceding 
theorem for ¢ > ¢ this can be represented by 


u(x, t) = [ ou, E,t—t)oil(é)dé, t>t>0 (3-2.19’) 
0 


for arbitrary t (0<? St, ox) = u(x, t)). 

In (3-2.19’) we now carry out the passage to the limit tf >0 where x and 
tare fixed. We shall show™ that the passage to the limit under the integral 
sign is possible, and therefore the function x(x, ¢) is represented uniquely by 


t 
u(x, th = | G(x, &, t)e(§) dé, g(&) = u(é, 0). (3-2.19) 
0 


Let x,:, %2,°°:+,%, be the points of discontinuity of the function (x). 
Then, if we set x, = 0 and x,1, = / (Figure 38) and consider the closed intervals 


XQ td Xu 7 Ment HE -P MHe tS ea yey td M4178 
x.=0 2 
: XK *, XKe4 Aneel 
FIG. 38. 
Ty (t, 6S *% S Xp4, — 6), k = 0,1, ---, 2, where 6 is anarbitrarily small posi- 


tive number, then we know that the integrand in (3-2.19’) in each of ,, k= 


55 The theorem proven in the following is a special case of a theorem of Lebesgue, 
which states that the passage to the limit under the integral sign is possible in case 
the sequence of functions Fr(x) converges almost everywhere toward a summable limit 
function F(x) and if this sequence is bounded by a summable function. This proof can 
be carried out without the use of the notions of measure theory. Jf measure theory is 
used, one can prove completely analogously that a solution of the heat-conduction equa- 
tion u(x, t) which satisfies the homogeneous boundary conditions is defined uniquely when 
the following conditions hold: (1) u(x, t) < F(x), where F(x) is a summable function; (2) 
if, almost everywhere 


lim u(x, t) = g(x), 
t -0 


where g(x) is a prescribed summable initial function. 
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0, 1,2,---,#, converges uniformly towards the integrand in (3-2.19). In the 
intervals i, (x, -O6<x<Sx,+6),k= 1,2,--+-+,m, on the other hand, the in- 
tegrands of (3-2.19) and (3-2.19’) are bounded by a fixed number M for each 
t (0<¢t <t,), since u(x, f) was assumed to be bounded and G(x, €, t), for O< 
&<1,t> 0, iscontinuous. If we split up the difference of the integrals (3-2.19) 
and (3-2.19’) into the 2x +3 integrals which correspond to the intervals i, 





k=0,1,---+,n, and ,2=0,1,+---,n+1, then we see that this difference 
can be made smaller than an arbitrary prescribed number « if 
pS 
~ 2n+34N 
so that 


€ 








|. (G(x, &, t — Tile) — Gla, & tole) del < 
Tk 





2n+3’ 
and if ¢ is sufficiently small so that 
| G(x, &, t — t)elé) — G(x, &, te(é) | 
J € - 
s— < — 
= Tim n3 for t<tink,, k=0,1, n 
Therefore, 
| I Gx, & t — Tele) — Glx, &, Dele 1 dé 
Tk 
. for ¢t<t, k=0,1,---,n. 


< 
2n+3 


Hence follows the inequality 


bs 


IA 





| Ge, £,t—Tplé) Giz, & Dololae|<e for ft 
0 


Therefore, the passage to the limit under the integral signs is permissible, 
and if a function w(x, ¢t) exists which satisfies the assumptions of our theorem, 
it can be represented by the formula (3-2.19), from which also the unique de- 
termination of such a function is proved. 

We shall now show that formula (3-2.19) represents a bounded solution 
of Eq. (3-2.4) which satisfies the conditions (3-2.2) for an arbitrary piecewise 
continuous function g(x) and is continuous everywhere that (x) is continuous. 

We shall prove this theorem in two steps. First, to show that it is true 
in case g(x) is a linear function 


g(x) = cx, (3-2.2') 
we consider the sequence of auxiliary functions (Figure 39) 
x(x) = cx for O<xE (1-—) 
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The number a is determined so that 9,(x) at the point x = (1 — 1/m) shall 
be continuous: 
gas ie.,a=(n—A1)c. 
n n 

The functions w#,(x, tf), which for the 
y,(x) are defined by formula (3-2.19), 
then are known continuous solutions 
of the heat-conduction equation with 
homogeneous boundary conditions and 
the initial conditions 


mee — --- 


0 u1- 4) 
FIG. 39. un(x, O) = gn(x). 
Since 
PAX) S Patilx), Cee, 
then on the basis of the principle of the maximum 
U(x, t) S ttaril%, t) 


The function U,(x) = ex is acontinuous solution of the heat-conduction equa- 
tion. It follows from the principle of the maximum that necessarily 


u(x, t) Ss U(x) , 


since this inequality is valid forx=0,x =J/,andt=0. The sequence {x,(x, t)} 
is therefore monotonic, nondecreasing, and is bounded above by the function 
U(x); consequently, it converges. We can now easily recognize the validity 
of the relations 


ux, t) = him ws(x, #) = lim |’ Gtx, €, Neste) at =|'GUx &, Npledé = Vole 
ne nao Jo 0 

and pass to the limit under the integral sign. On the basis of footnote 52 
this function satisfies Eq. (3-2.4) and the homogeneous boundary conditions 
(3-2.5) for ¢ > 0. Moreover, it is continuous at t=0 andO0<x <1, as we 
now prove. Let x, </. Wechoose # suchthat x, < (1—1/n). In this case, 
QrlXo) = Up(xo). If we bear in mind that 


u,AX, t) < u(x, t) S U,(x) 
and 


lim 2,(x, #) = lim Up(x) = 9x») , 
t0° ree 


then we can conclude that the double limit exists, namely 


lim w(x, t) = 9(%) , 
t—0° 
which is independent of the order of passage to the limit xx) and t—0. 


However, this implies the continuity of u(x, t) at the point (x, 0). This func- 
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tion is also bounded since it does not exceed U,(x). Therefore, the theorem 
for g(x) = cx is demonstrated. 


If x is replaced by / — x, we see that the theorem holds also for 


g(x) = Wl — x). (3-2.2’”) 
Hence, each function of the form 
y(x) = B+ Ax 


is valid, since such a function can be obtained by addition of (3-2.2’) and 
(3-2.2''). Further, it follows that the theorem is also true for an arbitrary 
continuous function without the assumption ¢(0) = g(/) =0. Every function 
of this type can therefore be represented in the form 


v(x) =[ (0) + F(—) — 90) | + $2), 


where the sum in the brackets represents a linear function and ¢(x) is a 
continuous function which vanishes at the ends of the interval: ¢(0) = ¢(/) =0. 
However, we have already seen that the theorem is true for both summands; 
therefore, it is also true for ¢(x). 

We turn now to the proof of the theorem for an arbitrary piecewise con- 
tinuous function g(x). In this case, formula (3-2.19) also determines a solution 
which satisfies Eq. (3-2.4) and the homogeneous boundary conditions (3-2.5). 

Let x, denote any point of continuity of the function ¢(x). To every 
positive e, a d(e) can be found such that | u(x, t) — y(x%)| <e« holds when 
|x —xo| < d(e) and ¢t < d(e). In order to understand this we first note that 
because of the continuity of the function g(x) at the point x,, an ne) exists 
such that 


| p(x) — (xo) | = for |x— xl < ne), 
from which results 
(xo) — = < ¢(x) S 9x) + = for |x—xol < ne). (3-2.23) 


We now construct the following continuous differentiable functions ¢(x) and 
g(x): 


B(x) = oxo) + > for |x—%ol < 7(e) 
(a) 
Q(x) = ¢(x) for |x — xX9| > ne) 


E€ 
glx) = ple) — > for |x—xXol < ne) (b) 


g(x) S (x) for |x — xo| > ne). 


In the interval | x — xo | > 7(e), @ and y must satisfy only the requirements 
(a) and (b), but are otherwise arbitrary. On the basis of the inequality (3-2.23) 
we already have 
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g(x) S v(x) S G(x). (3-2.24) 


We consider now the functions 
t 
a(x, t) = \ Glx, é, Dele)dé 
0 
qT 
u(x, t) = | Glx, & tylé)dé . 
0 


Because of the continuity of @(x) and ¢(x), (x, t) and u(x, t) are also continuous 
at the point x, 1.e., a 6(e) exists such that 


| a(x, t) —GAx)| < 
for |x — xo] < de), t < d(e) 
E 
oo F<oeeranes 
| u(x, t)—g(x)| 8 5 
and it then follows that 
ii(x, t) < B(x) + 5 = 9(x) +e 
for |x — xo | < de), t < d(e) 
u(x, t) 2 g(x) — = = 9(%o) — € 


Since G(x, &, t) is nonnegative, formula (3-2.24) gives the relation 
u(x, t) S u(x,t) S u(x,t), (3-2.25) 
and hence follows the inequality 
(Xo) —eSu(x,t)Sy(x)t+e for |x—x| < de), t < de), 
1.€., 
| u(x, t) — glx) | <e for |x — x9| < de), t < de) , 


which was to be proved. The boundedness of the function | u(x, t)| follows 
from (3-2.25) and from the boundedness of the functions #x, t) and u(x, 2). 
Thus the theorem is proved. 


4. The inhomogeneous heat-conduction equation 


We shall consider the inhomogeneous heat-conduction equation 


My = Aux + f(x, t) (3-2.1) 
with the initial condition 
u(x, 0) =0 (3-2.26) 
and the boundary conditions 
u(0, 7) = 0 
u(?, t) =O. (3-2.5) 


The solution u(x, ¢t) of this problem is sought in the form ofa Fourier series 
in terms of the functions sin (zn//)x: 


3-2. THE METHOD OF SEPARATION OF VARIABLES 183 


u(x, t) = ¥ unl) sin x (3-2.27) 
n=1 


Thus, we consider ¢ as a parameter. In order to find w(x, t) we must deter- 
mine the functions z2,(¢). To this end we use for f(x, t) the series represen- 
tation 


fix, ) = S falt) sin ee , 


with 
f= 2. | f(é, t) sin“ dé. (3-2.28) 
0 


If we substitute this solution expression in the initial Eq. (3-2.1), we obtain 


5 sin ~ x ie! Qunlt) + ar(t) — fit i} =0 


This equation will be satisfied if all the development coefficients are equal 
to 0, Le., if 


u(t) = — a (Pye un(t) + fa(t) « (3-2.29) 
From the initial condition for u(x, 7) 

u(x, 0) = ¥ ua(0) sin@x = 0, 
we find the initial condition for z,(t) 


u,(0)=0. (3-2.30) 


If we solve the ordinary differential Eq. (3-2.29) with the homogeneous initial 
conditions (3-2.30)°* then we find 


u(t) = ion *ar(t—t) F(z) dt. (3-2.31) 
0 


If we introduce this expression for u,(t) into (3-2.27) we obtain a solution of 
our problem in the form 


Fee eos Less Fe) dec |sin "er. (3-2.32) 
7 0 
With the expression (3-2.28) for f,(z), (3-2.32) is transformed into 


u(x, t)= KGa ae P(t) sin ee sin e} 16, t)dédt 
oJo n= 
(3-2.33) 


= [cc 6 #4) RE, Hdbae 


where 


56 See footnote 17. 
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n TH 


G(x, &,f—crn= xe —(rn/b 2a2(t-2) sin Tx-sins —E (3-2.34) 


=| 


coincides with Green’s function given by formula (3-2.18). 
To determine the physical significance of the solution 


u(x, t) = \ \ G(x, &, t — rc) f(é, 7) dé de (3-2.33) 


we assume that /(&, rc) differs only from 0 in a sufficiently small neighborhood 
§&S5€S& + dé, %™StTSm+ dtr 
of a point M,(&, 7). The function 
F(§, c) = cpf(&, t) 


denotes the density of the heat source. The total amount of heat which is 
set free in the interval (0, /) during the time of the action of the source (i.e., 
during dz) is then equal to 


rotdrt eotse 
Q= | | cof(—, ct) dE dz . (3-2.35) 


To) £ 


If we use the mean-value theorem, we arrive at the expression 


u(x, t) = ['[. ou. £4 — a) f(E, ded ie 
OJ0 


ll 
S| 


Totdr fot 4€ = Q 
=| | Gla, & t= e)flE, dB de = Gtx, 8, 1-2) 2 = ale, 


TF) § 


where 
&<E<ht+ 4, met<mn+a4. 


Hence, as 46-0 and 4dr—0 we obtain the function 


u(x, t) = lim ax, t) = 2 Ey, &),t— Tp). (3-2.36) 
rat cf 
Consequently, this can be interpreted as an influence function of an instantane- 
ous heat source which appears at the point & at time 7. 

When the function (Q/ce)G(x, &,t— +t) representing the action of an in- 
stantaneous unit source at a point is known, the action of a continuously 
distributed source of density F(x, t) = cpf(x, t) can be represented by formula 
(3-2.33). This follows directly from the physical significance of the function 
G(x, €,t — 1). 

Therefore, the influence of the temperature of the heat source occurring 
in the region (&, & + 4&), (to, t + 4dr) can be represented by the expression 


Cle, & f = c)fl& Dsede, o= flé, oder . 


For the case of acontinuous distribution of heat sources in the entire region 
0<&<1,087<t we obtain 
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Q 


u(x, t)= [Gc &,t —a)f(é, c)dEdr 
0 


by a passage to the limit as 44-»0 and 47-0. 

Therefore, proceeding from the physical significance of Green’s function 
G(x, €, t) one can immediately write the expression (3-2.33) for the solution 
of the inhomogeneous equation. 

Since we know the form in which the solution of our problem must be 
represented, we can investigate the conditions which the function /(&, 7) must 
satisfy for this formula to be applicable. We shall not go into this now. 

We have considered the inhomogeneous equation with homogeneous initial 
conditions. If, however, the prescribed initial condition is inhomogeneous, 
the solution obtained with the homogeneous initial condition must be added 
to the solution of the homogeneous equation with initial condition u(x, 0) = ¢(x) 
which we found in Section 3-1. 


5. The general first boundary-value problem 
For the heat-conduction equation, the first boundary-value problem reads 
as follows: Find the solution of the equation 
Ut = A tUrs + f(x, t) (3-2.1) 
with the auxiliary conditions 
u(x, 0) = ox) (3-2.2) 
u(O, t) = p(t) 
u(l, t)=yp,(t) . 
In order to find the solution we introduce a new function v(x, t) by 
u(x, t) = U(x, t) + v(x, t), (3-2.37) 


which represents the difference between u(x, ¢) anda known function U(x, ¢). 
We define v(x, t) as the solution of the equation 


(3-2.3) 


Vt — A'Viz = F(x, bt) 
f(x, t) =f(x, t) — (Ui — @ Us) 

with the auxiliary conditions 

u(x, 0) = A(x), P(x) = g(x) — U(x, 0) 

v(0, t) = ai(Z) , A(t) = w(t) — U(O, f) 

v(l, t) = z(t), H(t) = p(t) — Ul, t) . 
Further we choose the auxiliary function U(x, t) such that 

a(t)=0 and = ,,(t)=0. 


Obviously for this purpose it is sufficient to set*” 


U(x, t) = w(t) + + [enl?) — w(t)] . 


57 See Chapter 2, Section 3 §5. 
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Consequently, the determination of the function w(x, ¢) as a solution of the 
general boundary-value problem is based on the determination of a function 
u(x, t), which represents the solution of the above boundary-value problem 
with homogeneous boundary conditions. A method of determination of v(x, £) 
was given in Section 3-2 §4. To be sure, the ‘‘solution scheme’’ described 
there is not always suitable for the representation of the function u(x, f) when 
inhomogeneities exist in the equation itself and in the boundary conditions. 
The degree of difficulty in determining the auxiliary function v(x, ¢) depends 
on the function U(x, ft). In particular, for a problem with stationary inhomo- 
geneities it is appropriate to distinguish a stationary solution and to find the 
difference between it and x(x, ¢t).® 

As an example, consider the following problem for a bounded rod (0, /) 
whose ends are held at the constant temperatures mu and x,: 


Up = OUss 
u(x, 0) = (x) 
u(O, t) = wu, 
ul, = uy,. 


We establish the solution in the form 
u(x, t) = u(x) + u(x, 0), 
where (x) is the stationary temperature and v(x, f) is the deviation of the 
function u(x, ft) from x(x). 
Then the conditions 

“’=0, Vp = OUex 

u(0) = uw, u(x, 0) = v(x) — u(x) = ¢,(x) 

“ul)=um, v0, ) =0, vl, f) =90 


hold for #(x) and v(x, ¢). 
Hence we find 


f(x) = up + (usr — us) « 


I 
The function v(x, ¢), determined by the initial condition and the homoge- 
neous boundary conditions, is then easily found by separation of variables. 
Problems 


1. Derive the equation for the heating of a homogeneous thin wire due to 
a constant electrical current when heat exchange with the environment takes 
place on the surface of the wire. 
Solution: 

ur=@Usx—hu+q, 
where /#: and q are fixed constants. 


58 See Chapter 2, Section 3 $6. 
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2. Derive the diffusion equation in a medium which moves in the direction 
of the x axis uniformly with a velocity w. Consider the case of one inde- 
pendent variable. 

Solution: 


u, = Du, — wu, , 


(where D is the diffusion coefficient). 

3. Proceeding from Maxwell’s equations under the assumptions FE, = FE, =0, 
H, = 0 and disregarding the displacement current, prove that in a homogene- 
ous conducting medium the resulting electromagnetic field F, satisfies the 
differential equation 


aE, = 4no OE, 
2” Cc at’ 








where oa is the conductivity of the medium and c is the velocity of light. 
What equation does H, satisfy? 

4, Give a physical interpretation of the following boundary conditions in 
problems of the theory of heat conduction and diffusion: 


(a) u(0, f) =0 (b) 20, f) = 90 (c) u,(0, t) — hu(0O, ) =0 


tRNA PO 


5. Solve the problem of the cooling of a uniformly heated homogeneous rod 
at whose ends the temperature is equal to 0, under the assumption that no 
heat loss occurs on the lateral surface. 
Solution: 

AU. ea (attzk—12x27lye (2k — 1)x 


0 = Gis ata ee ee (cr — 1x a 
m 2 (2k — 1) sin ] x, u(x, 0) Uy. 





u(x, th= 


6. Let the initial temperature of a rod be given by w(x, 0) = 2, = const. for 
0<x<i/. The temperature of the ends are held constant: u(0, t)=2,, u(l, t) 
=u, for0<t< oo. Find the temperature of the rod when no heat exchange 
occurs on the lateral surface. Determine the stationary temperature. 

7. Solve Problem 6 under the boundary conditions that one end has a con- 
stant temperature and that the other is heat-insulated. 

8. Solve the problem of the heating of a thin homogeneous conductor due 
to a constant electrical current when the initial temperature, the temperature 
of the boundary, and the temperature of the environment are equal to 0. 

9. A cylinder of length 7 is filled with air and has the same pressure and 
temperature as the exterior environment. At the initial moment, the cylinder 
is opened, and a diffusion of gases into the cylinder commences from the 
surrounding atmosphere in which the concentration of a known gas is equal 
to #9. Find the amount of gas diffused into the cylinder during the time ¢ 
when the initial concentration of the gases in the cylinder is equal to 0. 

10. Solve Problem 9 under the assumption that the left end of the cylinder 
is closed by a semipermeable membrane. 
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11. Solve the problem of the cooling of a homogeneous rod whose lateral 
surface is heat-insulated; its initial temperature is u(x, 0) = g(x), and at the 
ends a heat exchange occurs with the environment whose temperature is 0. 
Consider the special case ¢(x) = m. 

12. Solve Problem 11 under the assumption that the temperature of the 
environment is equal to 2). 

13. Solve Problem 11 under the assumption that on the lateral surface a 
temperature exchange occurs with the environment whose temperature (a) 
equals 0, (b) is constant and equals m. 

14. What temperature does a rod assume when one end is heat-insulated 
and through the other end passes a heat current changing harmonically with 
time, if the heat exchange on the lateral surface is neglected? 

15. Solve Problem 11 now assuming that the temperature at one end of the 
rod is 0 while the temperature at the second end of the rod changes harmoni- 
cally with time. 

16. Let a rod (0, /) be composed of two homogeneous pieces of equal cross 
section which touch at the point x = x, and are characterized by a, k, and 
a,,k, respectively. What temperature is assumed in such a rod when the 
temperature at one end of the rod, x = 0, tends continuously toward the value 
0 while the temperature at the other end changes sinusoidally with time? 
17. The left end of the combined rods in Problem 16 has a constant tem- 
perature of 0; the right end, by contrast, has the temperature w(J, t) = 1. 
Let the initial temperature of the rod be 0. Determine the temperature of 
the rod (taking into consideration only the first term in the series develop- 
ment). 

18. Find the temperature u(x, t) of a rod whose initial temperature is equal 
to 0 when the boundary conditions have the form 


(0, t) = Ae™ , a. DSB 


A, B, and a > 0 are constant. 
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1. Green’s function for the unbounded straight line 


In the preceding paragraphs for the Green’s function of a bounded interval 
(0, 1), we obtained the expression® 


2 22 - 

Giz, & t) = 2S ere gin By. gin Me (3-3.1) 
l n=1 l I 

If the heat pole possesses the intensity Q, the temperature distribution is 

described by the function 


59 Here we introduce the symbol I to the function G)(z, €, t) in order to distinguish 
it from Green’s function Giz, €, t) for the unbounded region to which we shall limit our- 
selves in these paragraphs. 
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u(x,t) = Qo &,t). (3-3.2) 
cp 


From our observations in the formulation of the heat-conduction problem for 
an infinite straight line, it follows that the sought function G(x, &,t) is con- 
sidered as the limit value of the corresponding function (3-3.1) for a finite 
interval when both ends tend towards infinity. In order to calculate this 
limit value we transform (3-3.1) so that the ends of the given intervals con- 
tain the coordinates —1/2, 1/2. This is accomplished by the introduction of 
new coordinates x’ and €’ 
! l 

HSH XS 2 7 E =€ yy . 
The Green’s function of an instantaneous point-forming source of intensity 
Q=cp which is found at the point é’ of the interval (—//2, 1/2) then has the 
form 


SF prtanpiyrate oc AN | LN eh (es 5) 3.1’ 
re sin (x! +5): sin (e+ 5). G3.) 


We transform the product of both sine functions. If # is even, i.e., 2 = 2m, 
then 














sin nm (« + 5) - sin an ( + +) = sin ae x’ + sin = é’, 


If » is odd, then » =2m-+1, and 


sin (2m + Wn + Ur (« + 5) . leet Die z DE (é + 5) 


Consequently, 


Be Sg 22 . oN . 1M 
Gix',€,)= 7 yh ge ere Se sin—-€' 
n=0 


rem tan a't cog TM ot cog MH pr (3-3.1/’) 
1 L I 
where >” ranges over the even and ¥’ over the odd x. 

We shall next determine the limit value of the first sum as /-> oo. It 


can be written in the form 


a E 1 eMe sin dgx! + sin agg! = — 3” Fulda) da (3-3.3) 
n=0 T n= 
with 

fi(a) = eM et sin Ax! sin 2é', = A == and An = re : 


The sum (3-3.3) suggests the corresponding sums for the integral of the func- 
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tion f,{4) over the interval 0S 2< 00. As /->oo then 42-0. By passage to 
the limit we obtain for the integral® 


1 


(q 


ine 5" Fl 4,)424=— = |"faaa = 


44-0 T n-—0 


ae sin ax’ - sin 2é’da. —(3-3.4) 
0 


Analogously we can write the second sum in the form 


= yet cos 4,x’ cos 2,6’ == > Slan)da (3-3.5) 
with 
f(a) = 7 t cos ax! cos 2é' A= = and &a4,= ar : 


60 In formula (3-3.4) we obtain an improper integral on the left side as the limit value 
of the integral sum is extended throughout the infinite interval (0, 0). For the justification 
of this passage to the limit, one must show that it does not contradict the usual definition 


("pcayaa = tim (* pcayaa 
~0 Loeov0 


of an improper integral. Therefore, we shall prove that if for 0 <2 < o we consider 
a continuous function f(4) such that for any subdivision of the integral (0, ) into equal 
subintervals (a S 4a; S 8) the integral sum 


na 2 
2 SAMA — aa), Ai- S AL SA: 


converges for an arbitrary choice of a , then the integral 


| f@az 


exists. 
We show that the limit value 


lin \"*reayda 


ip — oo a 
exists, independent of the manner in which yg, approaches infinity. First, we shall con- 
sider the case pe = ae. Then 


r N kih— 
06) [i *randa— |Meada = [pada SS Fea — 20) 
0 wag t=k 
and correspondingly, 


**) [yada 2S" £AKaies — 20), 


¢ 


where f(J;) and f(2;) denote the largest and smallest values of f(a) in the interval (2;, 4:41). 
From the convergence of the integral sums with respect-to the chosen sequence of 2,, 
it then follows that for every « an N(e) exists such that for k > N(e), 


kth 
| FANG —Ai-n)| <e 
+= 

holds. From this and from the expressions (*) and (**) we obtain 


<e for k > Ne). 





(rh eayaa 
a 


- 





(Next page) 
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As 44-0, we obtain the limit value of the second sum 


lim © $" fila,)4a = FV Alaa == |e cos ax! cos 2é'da. — (3-3.6) 
44-0 % n=l mt So z So 
The integrals for f, and f, are formed by splitting the interval (0, 7) into 
equal subintervals of length 42 = 2z/l. In this way it can be seen that the 
intermediate point is the right end point of the interval in the first sum and 
the middle point in the second sum. 

Summarizing the results, we obtain 


(Cont'd footnote 60) 
From the convergence of each integral sum with respect to a given subdivision it follows 
that {(2) approaches 0 for 2-0, and, therefore, that 

mn Ape 

fet pa@aa - ("raya 
Mk Xk 


a 


<e for k> Ne), 








where 2; and 2gsy are those points of the subdivision that lie nearest to the points 4; 
and fii. 
This proves the existence of the improper integral 


\" rar 


We show now the existence of a limit value 


m > FO Ri= ("saa ; 
0 0 


li 
4d;-0i= 
For the difference there holds 


\"r(ayda - Eat ay| 





Ss 


(faa - x Fay aa + [fe renea| ie 








3 FQ?)aas| 
Ak 


and by a suitable selection of 42; and 4, each of the sums on the right side can be made 
less than ¢/3. Therefore, our proposition is valid and our lemma is proved. (However, 
the definition of the improper integral arising from the lemma is not suitable, since an 
example can be found of a function which satisfies the ordinary definition but not the 
definition given here.) 

In our case 


f(a) = ere"! cosaecoszE = or _~—s f (2) = e -A70e Sin Aw sin &2. 


For the integral sum arising from the subdivision by equidistant points 2; — Ai-1 = 4a, 
it follows that 





E fart yaa| SD FARA = Teta < AAD ei sartare 

i=0 i=0 4=0 7=0 

The convergence of this sum is easily shown by using the D’Alembert criterion in which 
we investigate the ratio of the ith term of the (¢—1)th term 

e~itsr2a2e 


gaaraen eee 
e7 = a 
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C(x, 6,0 = lin Gilx, €, £) 


= = sin Ax sin 2Ed2 ro" art cog ax cos JEda 
Tw So T So 

= ae cos A(x —&)d2. 
® Jo 


Green’s function for the infinite straight line therefore has the form 


G (x, é,t) = oy hue cos A(x — &)d2. (3-3-7) 
mT Jo 
We now evaluate the integral 
l= jer cos afda, «>I, (3-3.8) 
0 


which depends on both parameters @ and f. To this end we fix « and denote 
the integral by ((f). Here, obviously, in order to calculate the derivative 
we must differentiate under the integral sign: 


ae —— [retea sin Abd. 
0 


By partial integration it follows that 


df : 1 22g? p ie v0 B 
—_ — —Pe ce ‘Os 2 2 _-— “ 
P sin ap On c ; 2a \, re cos apd Da I(B) 





In this manner we obtain for /(f8) a differential equation with separated 
variables 


whose solution is 


M(B) = Ce PV | 


The value of the constant is obtained from £0, and indeed is 








ae bps I Vn 
C= /1(0) = Meda = al » ® de — es 6 eee 
“ \- : Ve be “o Van 2 
because 
OF Sie We 
\"e dz= mo 


Hence we obtain 


Kf) = |e *cos apdi = Va pty 
Q 


3-3.9 
2 Va ( ) 


Now, if we substitute (3-3.9) into Eq. (3-3.7), we arrive at the expression 
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I =—(1- 7 ae ane 
G(x, é, t) tS Pesedontane (3-3. 10) 





for the Green’s function for the infinite straight line. This funetion is usually 
called the fundamental solution of the heat-conduetion equation. We enn 
verify directly that the funetion 


Oe 64=1) = —— ee ty (3-3.10') 
cp2V nat — to) 
represents the temperature at the point x at time ?, when at the initial 
moment ¢= ¢) and at the point € the amount of heat Q -- cp is set free: 
}. The function G(x, €,¢— f)) satisfies the heat-conduction equation with 
respect to the variables x and ¢ which is proved directly by differentiation. 
In fact, 








ere. biel mre yaa? ty) 
as 2Vx Aart — ty) ]}°” i 
] ] ] (x — é)’ | Gt yaate ty) 
GuX= = — > ooo eS 2 
eal 2 tati =i i dat to) I‘ 
Gs 77\7 a mn a(x -- €)° |e a 01? yaatce ty) 
2¥mL a(t to)P " Ala(t = to) 


Gi=@Gu. 


2. The amount of heat found on the x axis at time ¢> f, is equal to 





= ) “ Crap) faa Fe x 
cp G(x, 8 t—b)dx = r= | eg neaFe-tyy da 


ore Vr 2Y ar(t-- ty) 
= Sn \" dee — Q — cp 


since 








= 2 — x—-€ dx 
ef de =— Vn . (« i —— du — ass ) ; 

\" Wl Sa. OVE add 
Therefore, the amount of heat on the straight line does not change with time. 
The function G(x, & ¢— fo) depends only on the time through the argnment 
d=a(1 —¢,), and therefore we can write 


l I —(-€)7/40 ise 
G = 0 ; 3-3.10) 
: 2/4n VO ( 
Figure 40 shows the graphic representation of G with respect to x for 
different @ values. Almost the entire area which ts bounded by this curve 
lies in the interval 


(€—e, € +e), 


where ¢ is an arbitrarily small number when @ — a?(¢ — ta) ts sufficiently small. 
The magnitude of this area when multiplied by cp coincides with the amount 
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of heat present at the initial moment. Therefore, for small values of ft — f, 
> 0 almost the entire amount of heat is concentrated in a small neighbour- 
hood of the point €. From what has been said it also follows that the entire 
amount of heat at time ¢, is found at the point €. 


















































If we consider the temperature change at a fixed point x =&+h in the 
course of the time for k =0, i.e., for x = &, we obtain 


cee eee 

272 V0 

The temperature, at this point in which the heat source is found, therefore 
becomes unbounded for sufficiently small @. 


If x #6, te, x= €+h with h +0, then G is represented by the product 
of two factors: 


Gr-e = 


—_f_1 1) 0 

Cue = [Se eer 
The second factor is smaller than 1: for large 
6 it is ~1; for small @, by contrast, it is <0. 
Hence, it follows that Gz, =G,-;. for large @ and 
Gy#e & Gr=¢ for small 6. The smaller /: is—that is, 
the closer x lies to €—the larger is the second 
factor. Figure 41 shows the course of G,-, and 

FIG. 41. G.xe for hg <h,. It is easy to see that 
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lim Gixe = 0 : 
6-0 


By application of de 1’Hépital’s rule we find, 


1 tgs? 
li — Ip-h2/s0 — 2 05 
a alse Wa Vo re ww lim eager 9 


From formula (3-3.10’) it follows that at each point x the temperature 
produced by an instantaneous point-forming source acting at the initial time 
t=0 is different from 0 for any small interval of time. This phenomenon 
can be considered the result of an infinitely fast temperature propagation 
(propagation with an unbounded velocity). This, however, contradicts the 
molecular-kinetic concept of the nature of heat. This contradiction is con- 
nected with the concept of heat flow used in the derivation of the heat conduc- 
tion equation and with the neglect of the inertia of molecular motion. 

2. Heat Conduction in the Infinite Straight Line. The problem of heat 
conduction in this case reads as follows: Find a bounded function w(x, 2), 
where —oo <x < oo, ¢20, which satisfies the heat-conduction equation 


ly = A'Uz:, —o<cxr<co,?>0 (3-3.11) 


and the initial condition 
u(x, 0) = g(x). (3-3.12) 


As previously stated, since the initial condition is satisfied, the function 
u(x,t) for ¢=0 not only satisfies the condition but also is continuous.” 

In order to derive an analytical representation of the sought solution, we 
introduce an auxiliary function ¢(x), which we set equal to 0 everywhere 
outside of a small interval (& — 6, & + 6), and inside it coincides with ¢(x). 
In order to increase the initial temperature from 0 to the value ¢(x), an initial 
amount of heat is introduced into the interval (&, — 6, + 6) which is given by 


AS 


en+8 + 
Q= co| : o(x)dx = cog(é)JE, dE = 26. 
078 


The temperature at the point x at time ¢ is then equal to 
EGtx, gt) = Gla, &, Nee, (3-3.13) 


where é is a suitable average value in (€& — 6, + 6). 

By splitting up the entire straight line into small intervals we can represent 
u(x,t) on the basis of the superposition principle as the sum of summands 
of the form (3-3.13). More precisely, we are concerned with an integral sum 
which as 6-0 is transformed into 


u(x,t) = (" G(x, &, the(é)dé (3-3.14) 


61 As we saw in Section 3-1§7, the solution of the heat-conduction equation is deter- 
mined uniquely by the initial conditions if it is bounded. Therefore, the requirement 
that u(z, t) be bounded enters into the formulation of the theorem. 


196 PARABOLIC DIFFERENTIAL EQUATIONS 


or 
w(x, t) = —be(? heen tere giey de . (3-3.14’) 
2x j_»V at 
Obviously, the first function represents the solution of our problem. 

These assertions do not constitute a proof; consequently we seek condi- 
tions for the applicability of this formula. 

We shall show that in the case of a bounded function (6), | o(€)| <M for 
t> 0, the so-called Poisson’s integral 





ee | at Ley? saat 
Wx, 1) = = |. Tr plé)dé 
represents a bounded solution of the heat-conduction equation which for t=0 
at all points of continuity of this function w(x, 7?) is continuously connected 
With (x). 
Therefore, we shall prove the following lemma (generalized superposition 
principle). If the function U(x, t, a) for each fixed value of the parameter a, 
and with respect to the variables x and ¢ satisfies a linear differential equation 


L(V) =0, 
then 


u(x,t) = [Ue t, ee de 


is also a solution of the differential equation L(U)) = 0, provided the derivatives 
occutring in the linear differential operator L can be obtained by differentia- 
tion under the integral sign. 

The proof of this lemma is very simple. A linear differential operator 
L(U) represents a linear combination of derivatives of the function U where 
the coefficients depend on x and ¢. Now by hypothesis the differentiation of 
uw can be carried out under the integral sign. The coefficients obviously can 
also be brought under the integral sign. From this it follows that 


L(u) = [Lue t, a))pla)da =0, 


i.e., the function w(x, t) satisfies the differential equation L(z) = 0. 

Finally, let us consider the sufficient conditions for differentiability under 
the integral sign when the integral occurring depends on a parameter. A 
function 


b 
F(x) = | f(x, a)da, 


in which a and 6 are finite limits of integration, can be differentiated under 
the integral signs when @f(x,a)/éx, in the closed region of x and a, is a 
continuous function of these variables. 


62 See V.I. Smirnov, Textbook of Higher Mathematics, 2d. ed. Part II, Ch. IQ, $3, 
no. 80, Berlin, 1958. 
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We also easily see that 
4 
F(x) = | I (x, a)y(a)da , 


in which a and 6 once more are finite, similarly can be differentiated under the 
integral sign if f(x,a@) satisfies the above stated conditions and g(a) is a 
bounded (or absolutely integrable) function. If the limits of integration are 
infinite then in this case we must require the uniform convergence of those 
integrals which are obtained by differentiation of the integrands with respect 
to the parameter. This observation holds also for multiple integrals which 
depend on parameters. 

For linear differential equations L(u) = 0 the superposition principle holds; 
that is, the function 


u(x,t) = > Cuix, t), 
a=l1 


which is a linear combination of several particular solutions, again represents 
a solution. If the functions u(x,¢,@) are solutions which depend on a para- 
meter, then the integral sum 


> u(x, t, an)Cr, Cy — ylan)da (3-3.15) 


is also a solution of L(u) = 0. The proven lemma, similar to the one above, 
gives the conditions under which the limit value of the sum (3-3.15), i.e., here 


u(x,t) = ut, t, a)y(a)da , 


is also a solution of equation L(#)=0. Therefore, it is natural from the 
viewpoint of the proven lemma, as with the first, to designate it as a gene- 
ralized superposition principle. 

We shall now investigate the integral in (3-3.14’), first by showing that 
the definite integral in (3-3.14’) converges and represents a bounded function 
provided (x) is bounded, | g(x)| <M. In this case 








1 a 1 =(1-6)7 74074 - 
ar —— —— d. 
|ulx, t)| < M5 ee e g 
1 2 é Sk 
= — ao d => M , = = 
Vr \" ‘ . 2V at ’ 


since 


|" eda =Vn. 


Further, we shall prove that the integral in (3-3.14’) for ¢> 0 satisfies 
the heat-conduction equation. Therefore, it is sufficient to show that the 
derivatives of this integral for ¢ > 0 can be calculated by differentiation under 


the integral sign. 
In the case of finite integration limits, this is certainly permissible since 


the derivatives of the function 
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2V na't 


for t > 0 are continuous functions. To prove the possibility of differentiation 
under the integral signs for infinite integration limits it is sufficient to show 
the uniform convergence of the integral arising by differentiation under the 
integral sign. We carry out this proof, for example, for the first derivative 
with respect to x. 

The differentiability of function (3-3.14) with respect to x and the validity 
of the equation 





1 Pale 


St = {" 2 Gtx, 6, moles 
—e OX 
are proven when we have shown that the integral standing on the right side 
converges uniformly; in particular, for the proof of the differentiability at 
the point (x), t)) it is sufficient to show the uniform convergence of the integral 
in a fixed region 


“i£sh<sh, (x= 2X (=z 


of that point. 

Sufficient for the uniform convergence of an integral (an analogous crite- 
rion holds for the uniform convergence of a series) is the existence of a 
positive function F(€) which does not depend on the parameters x and ¢ and 
which majorizes the function 





2G(x,8, by6)| SFE), E—x,>X, E—x,<—x, (3-3.15’) 
such that 
[Fede < , [" Fede < eo. (3-3.15"”) 


Therefore, let x; be a number which satisfies the inequality (3-3.15’). 
First of all we seek an upper bound for the magnitude of the integrands 
in the formula for du/dx. It is 


ey. Ea 

2/n Aa*t]}*”” 

M _ [é = Xo| +x 
2Vn Bat, }°” 


x, and t;Stst,. For this function F(€), however, 





20 . -(1-8)?/407¢ 
gr Ol #0) 1908 1 o(8) | 





go tlé-x0l-¥)"/4a7te = Fé) (3-3.16) 


IIA 


for €—2x <x, |x—xo| 
(3-3.15’’) is valid, and 


IA 





oo * ] E— + x a = 25,2 402 x 
| F(é)dé = ave gene (é-zo} / ‘2qdé 


\" 1 = fit 25 —(ei/4a%tg) 
es 2V 8 Aaa” 


|€—x|—<x, 


7) 





dé, ’ 
by 
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and this integral converges, since a factor of the form (a& + best appears 
under the integral sign. Therefore 


Ou 2 @ 
a "Ge, E, ty(é)dé . (3-3.17) 


By a completely analogous method, we can also prove that all the above 
derivatives can be calculated by differentiation under the integral sign. 
Therefore, we have proved that the function (3-3.14’) satisfies the heat-con- 
duction equation. 

We turn now to an important property of the integral (3-3.14), and indeed 
we shall show that at all the points of continuity x, of the function ¢(x), 
the following limit 

u(x, t) > g(xo) for t—0 and x > Xp 
is valid. 
Let g(x) be continuous at x,. Then we have to show that 
lim u(x, t) = g(x») . 
t—0 
EX 
For each ¢ > 0 we must therefore find a 6(e) such that 
| u(x, t) — g(x) | < € 
holds when 
|x — X9| < d(e) and |t| < d(e) 


On the basis of the assumed continuity of g(x) at x., an 7(e) exists with 


| o(x) — g(x) | <= (3-3.18) 


6 
for 
|x —xX| <7. 


We now split up the integration interval and represent u(x,t) as the sum of 
three summands: 





qs ah 1 tae)? saa? to a wri,” sh ae 
S=S + >—=| ::-dé 
= u(x, t) + u(x, t) + u(x, t), (3-3.19) 
where 
Die oa | and X2=X +n. (3-3.20) 


For the second summand we can then write 


= p(%o)_ "2 Le tee)? /4a7t 
U(X, t) 2x lava e€ E 
1 


je ~(2-8)/40%t ae Fe Se 
+aye\vaF [o(§) — g(x) IdE=ht+ h. 
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The integral J, can be calculated directly, and we therefore obtain 








pave = 2x0) (nee tare 
2Vz xy V at ae (yx) /2vare 
with 
ee See: _ dé 
Sayer <= oye” (3-3.21) 


Now if |x — x.|<¥, then the upper limit is positive and the lower, negative, 
and as {0 the upper limit tends towards + oo and the lower limit toward 


—oco, It then follows, however, that 
lim I, —_ (Xp) . 
t -0 
In+Xy 


Consequently a 6, can be prescribed such that 
Idi — p(x) < 7 (3-3.22) 


when 
|x — %)| <d, and |\t] <a. 


We shall now prove that the remaining integrals, that is, 4, #, and m3, Can 
be made arbitrarily small. First we estimate J, as follows: 





] x2 Sie 2 3 
els pe aap 8) — otal a. 
T Jey 


From (3-3.20) it is seen that for 

m1 < ES e 
the inequality 

l§—x1< 7 


is valid. If we use the inequality (3-3.18) and the relation 


eda < Vr \. eWda=1, 


rea 
Vi Jy ic 


we obtain for arbitrarily chosen x’ and x” 














ets \. Je eB Mat de = oe da < 
2s Vet 6 ™ ) xyz /avare 6’ 
(3-3.23) 
where the new variable a is defined by (3-3.21).. Further, 
| ws(x, t) | = ww arene )d5)< an eee e-* da—>0 
for x > x, and t—0 (3-3.24) 


and analogously 
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(xy-x)/2Vare 


M ; 
sh 9 dq 0 
< Va |. é aa 


2V a 








jea(x, [= 





"1 
| Seer? 7/40? en(E) dE 





for x > x, and t-0. (3-3.25) 


As x—>Xx9, then x,»—x>0O and x,—x <0. As t-0, the lower limit in the 
last member of (3-3.24) tends toward +o and the upper limit in (3-3.25) 
tends toward —oo. Consequently, there exists a d, such that 


| aea(x, £) | a and | 2t,(x, ¢) | Ss (3-3.26) 


holds when 
|x —xXo| < db, and lf] << oe. 
With the use of the estimates (3-3.24) and (3-3.25) obtained above, we find 


u(x,t) — p(x) | Stal + lh — g(x) +] t+ las 
ee 


E E 
Sa hag map ge ee (3-3.27) 
provided 
[x—X| <6 and lt] <a, 


where 6 denotes the smaller of the numbers 4, and 0. 
Therefore we have shown that the function 


|" en Oa ocey ae (3-3.14’) 





u(x, f)=—_ —— 
oe 22 \_oVa@t 
is bounded and satisfies the heat-conduction equation as well as the initial 
condition. 

If the initial value is given not for ¢ =0 but for ¢ = ¢,, then the expres- 
sion for (x, £) assumes the form 


u(x, f) = Teall —=—=—_—___= ges 
OA at So Vat = by) 


The uniqueness of this solution for a continuous function g(x) results from 
the theorem proven in 3-2§3. If the initial function y(x) possesses a finite 
number of points of discontinuity, then (3-3.14') represents a bounded solution 
of Eq. (3-3.1), which is continuous everywhere with the exception of the 
points of discontinuity of (x).” 

We shall consider as an example the following problem: Find a solution 
of the heat-conduction equation when the initial temperatures (at ¢ = f, = 0) 
for x > 0 and x <0 are constant but have different values, i.e., 


er ROMA rere (3-3.14") 


u(x, 0) = g(x) = T, for x>0O 
=T, for x<OQ. 


63 With the aid of the method described in 3-3$3, we know that the function u(z, t) 
is uniquely defined by the enumerated properties. 
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For the solution, formula (3-3.14’) yields 


free DA fd 
HOS Se \ aa 
T2 [ Pot ae al es de 
1/8 2at Vx Jo 2V at 
Ts ik 2 Fy " 
= Va 


ra, 
ee fan T2 T,:—T2 st -a* 
== 2 + Vn | é da (3-3.28) 


—te-O" fata ey ge 














=e 4 
e” da 








—x/2 Vary 


since 




















holds for 


The temperature profile at time ¢ is given by the curve 


1 LFF at 
z)=—4+— | e* da. 
I (2) ot we i a 
Here z is the abscissa of the point at which the temperature is considered 
when the value 2)’a*t dependent on ¢ is chosen as the unit of length. The 
construction of this curve is not difficult, since the integral 


2 
Vn 
the so-called error integral, occurs often and has been tabulated many times 


in probability calculations.* 
For arbitrary 7, and 7,, formula (3-3.28) can also be written in the form 


Ty + T: T; —_ T2 x 
Soe SS o( aoe | (3-3.29) 


64 See, for example, A.A. Markov, Text Book of Probability Calculations, where 
this integral is tabulated to six places. At the end of this book, likewise, are given 
values of this integral. 


O(z) = 





2 -o? 
| e” da, 
0 


u(x, j= 
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Here we recognize that the temperature at the point x = 0 during the entire 
time is constant, and therefore is equal to half of the sum from the right 
and left sides of the initial value, since #(0) = 0. 

Finally, the solution of the inhomogeneous equation 


Ur = QU + f(x, t), —-a<xr<co,t>0 
with the homogeneous initial condition 
u(x,0)=0 


obviously can be expressed by the formula 
u(x, t) = (\ Glx, & t — cf (é, rdéde. (3-3.29') 
OJ—@ 


This results from the meaning of the Green’s function G(x, €, t) (see Section 
3-2§4). At this point, however, we shall not investigate this formula and 
the conditions imposed on f(x, t) for its applicability. 


3. Boundary-value problems for the semi-infinite line 


As we have already noted in 3-1§4, when we are interested in the dis- 
tribution of heat in the neighborhood of one end of a rod, while the influence 
at the other end of the rod is unessential, we make the assumption the latter 
end lies at infinity. This then leads to the problem of determining those 
solutions of the heat-conduction equation 


Uy, = AU: (3-3.11) 
on the semi-infinite line x > 0 for ¢ > 0 which satisfies the initial condition 
u(x, 0) = g(x), x>0 


and a prescribed boundary condition. This depends on the character of the 
boundary influence and can be given in one of the following forms: 


first boundary-value problem u(0, t) = p(t); 
second boundary-value problem Za, t) = v(t) ; 
or 


third boundary-value problem 0, t) = a{u(O, t) — A(t)]. 


In the following investigations we shall consider only the first boundary-value 
problem, i.e., the determination of a solution of the heat-conduction equation 
with the auxiliary conditions 


u(x, 0) = g(x), u(0, t) = p(t). (3-3.30) 


Therefore, if the problem is to have a unique solution certain conditions 
must still be met at infinity. Thus we require that the solution «u(x, t) is 
bounded everywhere: 
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ju(x, t)| < M for0<x<o and?20, 
where M is a constant. From this it follows that the initial function g(x) 
must also satisfy the condition 
lg(x)| <M. 
The solution of this problem can be represented in the form 
u(x,t) = a,(x, t) + u(x, t), 

where w(x, ¢) refers to the influence of the initial condition and w(x, ft) to the 
influence of the boundary condition. These functions can be defined as those 
solutions of Eq. (3-3.11) which satisfy the conditions 

(x, 0) = v(x) , 2,(0, t) =0 (3-3.30') 
or 

w2(x,0) =0, u(0, t) = w(t). (3-3.30"’) 


The sum of these functions then satisfy conditions (3-3.30). 
We shall next prove two lemmas for the function defined by Poisson’s 





integral 
u(x, t) = Wr. Van er OEE (3-3.31) 
l. If (x) is an odd function, i.e., 
Yx) =— Y(— x), 


then the function 








u(x, t) = wr a a eo ety eyde 


vanishes for x = 0: 
u(0, 4) =O 


Here, it must be assumed that the integral defining u(x, t) converges; this is 
the case when ¢(x) is bounded. The integrand in 


(0, t) oP MN werge 





=—7 ‘i, Vat 


is odd with respect to & since it is the product of an odd function and an 
even function. Now, however, the integral of an odd function between the 
limits which lie symmetrical to the origin of the coordinates, is equal to 0; 
consequently 
u(0,t)=0, 
which proves our lemma. 
2. If ¢(x) is an even function, i.e., 


x) = f(— x), 


the derivative of the function «(x, t) from (3-3.31) for x =0 and all ¢>0 is 
equal to 0: 
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40, j= 
That is, 
Ou — 1 as (x pow &) ~(x-€)2/402¢ 2a! 
| =-pr Wea aire weds] =0, 





since the integrand at x =0 represents an odd function when ¢(x) is even. 
The determination of the function u(x,t) now presents no further difficulty. 

First, we introduce an auxiliary function U(x, ¢), which is defined on the 
entire straight line —co<x< oo, and which satisfies Eq. (3-3.11) and the 
conditions 

U(0, j) =0% 

U(x, 0) = ¢(x) for x>0. 
This function can be defined by use of the first lemma and an initial func- 
tion ¥(x), which for x >0 coincides with g(x) and for x <0 represents the 
odd continuation of ¢(x), 1.e., 








F(x) = g(x) for x >0 
pla) for x <0 
so that 
Ej = -|" Fase OMT OE 
2Vn \_ow Vart 


In the region of interest, x 20, we then obtain 
u(x, t) = U(x, t) for x20. 


Introduction of the function ¥(x) results in 











] 0 1 =—(x- €)2/4a2e 1 —(tr—£)2 2 = 
= WiE\d —__ (x-€) #/4aet oy 
UixN=s7-\ vm (dé + == vil, ae W (ed 
1 = 1 —(x+€)2/402¢ = 1 —(x—£)2/4a2 
a id eas (x—€) */4ate 
Wri. Vat ee 2Y x Vat os 
where the substitution €’ =— & is introduced in the first integral and the 


relation 
¥(E)=— o(— &) =— (é') 


is also used. By ae both integrals we arrive at the sought function 





u(x, t) = |. a [eee = gy SOTO Bde (3-3.32) 
in a form which no longer contains auxiliary functions. We also note that 
for x = 0 the expression in braces vanishes and z,(0, f) = 0. 

With the help of the second lemma one can see that the solution of the 
heat-conduction equation with the homogeneous boundary condition of the 
second type (a7,(0, ¢)/éx) = 0 and an initial condition #,(x, 0) = g(x) is represent- 
able in the form 
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fi,(x, t) = {eb Paar 4. plete o(e)de. ——-(3-3.32') 


a 
Weve 
We now apply the formula so obtained to the problem of cooling a uni- 
formly heated rod whose boundaries are held at aconstant temperature. Let 
this temperature equal zero. The problem leads to the determination of those 
solutions v, of the heat-conduction equation for which the conditions 


v(x, to) = T ? v,(0, t) = 0 
are fulfilled. 


Since the initial condition is prescribed not for ¢=0 but for t=4%), in 
place of (3-3.32) we obtain 











Ty tae)? ssa? (tt) = ($6)? 7402 (t-t9) dé 
j= a= oy 0) ee —, 3-3.33 
nln h=zr|" le e ag: (33.88) 
If we now split up the integral into two summands and introduce the variables 
pipet tg + ioe Bee ne 
2Vatt—t)’ 2Va(t— ty) 
we obtain 
ae be 2 - ae 
v(x, = | eeda—| ed ] 
; Va =x/2¥a2(t—ty) a x/2¥a2(t—to) os 
T ane - 2 ake 7 
=> e-* da = T—= ee?" da 
Ve Santen VE do 
or 
= TO —— a 3-3.33' 
ee (a7 = a) ; ae 
where 
2 a 9 
Oz) = —=\ ed 
(z) ae \\e a 


is the error integral. 

We turn now to the determination of ,(x, t)—that is, the second part of 
the solution of the first boundary-value problem. 

Let 


L(t) = fo = const. 


The function 


Oe ee een eee 
jaa = po WHD ) (3-3.34) 


then represents those solutions of the heat-conduction equation which corre- 
spond to the conditions 


v(x, tq) = fo», (0, t) = 0 cy 
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From this it follows that 


Be ere oe raf = o( (3-3.35) 


wenn) 
2V a(t — to) 
is the sought function, since it satisfies the same equation and the conditions 
v(x,to) =0, x>0 and v(0,t) = wo, t> ty. 
For v(x, t) we write 
v(x, t) = woU (x, t), 
where 


Eee, ee x = 2 -a? x 
Uae He o( =| e-#*da —(3-3.36) 


2V at — to) x/2va2(t—t9) 
is the solution of the same problem in the case of py = 1. 


By definition, the function U(x, t) is defined at first only for!2=%,. We 

now extend the region of definition in which we set 
U(x, t) =0 for bi toe 

Obviously this definition is compatible with the function values of U(x, t) for 
t=0. Also, the function so defined satisfies the heat-conduction equation for 
all ¢ and x > 0. The boundary value of this function (for x = 0) forms a step 
function which for ¢ < ¢ is equal to 0 and which for ¢ >?) is equal to 1. 
The function U(x, t) occurs frequently in applications and is an aid in the 
determination of 72(x, 2). 

We consider now a second auxiliary problem, namely to solve the heat- 
conduction equation with the initial and boundary conditions 


= = _ (uo fortp<t<t, 
vx, t) =0, (0, t) = w= {i aes 
We can verify directly that 
v(x, t) = pl U(x, t — to) — U(x, t — t1)). 


By similar reasoning we find that: 
If the boundary function p(t) is given as a step function 


= 1 for ty <t s ts 


= En-1 for hi <tSt,, 


then with the help of the function p(t) the solution of the second boundary- 
value problem can be represented in the form 


u(x, t) ="F yi[U (x, t— t:) = U(x, t— ti+s)] aE Ur U (x, t— i) . (3-3.37) 


The mean-value theorem then yields 
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to? OU (kts) 


= 2, By As py OK = tei) with Sai 


ar : — = fits 
(3-3.38) 


We shall now determine the solution u(x, ¢) of the heat-conduction equa- 
tion with homogeneous initial conditions and the boundary condition 


u(0,t)= p(t), t>0, 


where p(¢) is a piecewise continuous function. An approximate solution is 
easily obtained in the form (3-3.37) when we replace p(t) by a piecewise con- 
stant function. Now when we make arbitrarily small the interval in which 
the auxiliary functions are constant, we recognize that the limit value of the 
sum (3-3.38) is equal to 


\ or 


ap (te b= taeda 


since for x > 0 


lim jt 1U(x,t —ta-1) = 0. 


tals. -470 


Obviously, the sought solution (x, ¢) of the second problem must satisfy 


uo(x, t) = ( — (x,t — t)ulc)dr : (3-3.39) 
We shall not consider here whether a passage to the limit is permissible, or 
the requirements that must be placed on the function p(r) in order that this 
passage to the limit be applicable. 
As we easily see, we have 














BU gi OOPS as a ae 
ot (x, i= = -( | cm Cc da) = 2x {ary e- 
aG 0G 1 1 -tr-8)2/4a2 
Shu OA ae 0, 9a* CoS — (x fy fhare 
7 Ox ax” MS OF |ewo’ 2x V at : 





Consequently the sought solution in the case of an arbitrary function p(t) 
can be represented in the form® 


: x 


a 3 
= ont *fta2(t—7) 
uto(x, t) We i; (ae — a e u(t) dt 


or 
ie 2a Px, 04 ade. (3-3.40) 
to s 


We note further that in the derivation of formula (3-3.40), besides the 
linearity no further special properties of the heat conduction equation were 


65 This representation of the solution of the first boundary-value problem with homo- 
geneous initial conditions was mentioned here so that it can be compared to an alterna- 
tive solution in Chapter 5, Section 4. 
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used. Further, we never used the analytical expression of the function U(x, ¢) 
but only the property that it satisfies the boundary and initial conditions 


U(0, t) = 1 for t>0 
U(x,0)=0 forx>0O 
or 


1 for t>0 
U(0, t) = 
ae 6 fori <0. 


If a linear differential equation exists with a boundary condition 
“(0,é)= p(t), &€>0, 


homogeneous initial conditions, and auxiliary homogeneous boundary condi- 
tions (when such are present, for example, where x = /), then the solution of 
this problem can be expressed in the form 

‘eu 


w(x, t) = | (x4, 8 —s)u(elde (3-3.41) 
o Ot 


where U(x, t) is the solution of the corresponding boundary-value problem for 
(0:2) |. 


The principle formulated here, the so-called Duhamel principle, shows 
that the constant boundary value causes the principal difficulty in the solution 
of boundary-value problems. If a boundary-value problem for a constant 
boundary value has already been solved, then one can immediately determine 
the solution of the same problem with variable boundary conditions by use 
of formula (3-3.41). This principle is often used for the solution of several 
boundary-value problems in which the solution is determined only for a con- 
stant boundary value, and it is assumed that the solution for a variable 
boundary condition g(t) then can be represented by formula (3-3.41). 

The sum 


u(x, t) + u(x, t) 


gives the solution of the first boundary-value problem for the semi-infinite 
line in the case of the homogeneous equation. 

By the use of formula (3-3.29) and the method of odd continuation, it 
follows easily that the solution of the inhomogeneous equation 


=O tf(x,t), WO<xcw,t>0, 


when the initial and the boundary conditions are homogeneous ((0, t) = 0), 
can be represented by the formula 


= ae “ oe alls (x- £) 2 fi@2(t—1) pr +8) aad déd 
ee Wl, \ V att — tr) {e e f(é,c)dédr. 
(3-3.42) 


The sum 
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(x, t) 4 tto(x, t) + ia(x, t) = u(x, t) (3-3.43) 
is then the solution of the first boundary-value problem 


uu, = au, + f(x, b), (0, t) = p(t), u(x, 0) = (x). 


3-4. PROBLEMS WITHOUT INITIAL CONDITIONS 


If one investigates the process of heat conduction at a time which is 
sufficiently long from the initial moment, the influence of the initial conditions 
on the temperature distribution at the time of the observation is practically 
negligible. In this case, then, there arises the problem of determining a 
solution of the heat-conduction equation which satisfies one of the three types 
of boundary conditions for all ¢ > —oo. If the rod is bounded on two sides 
then the boundary conditions are prescribed on both ends of the rod. By 
contrast, for a one-sided bounded rod one uses only a single boundary con- 
dition. We shall consider the first boundary-value problem for a one-sided 
bounded rod: 

Find a bounded solution of the heat-conduction equation in the region 
x > 0 which satisfies the boundary condition 


(0, t) = p(t) » ~* (3-4.1) 


where p(t) is a prescribed function. We assume that the functions z(x, ¢) 
and u(t) are bounded everywhere, i.e., 


| (x, t)| < M 
| u(t)| <M. 


It will be shown later that the function x(x, ¢) is uniquely defined. Often 
we deal with the boundary condition 
p(t) = Acosal. (3-4.2) 


Fourier has treated this problem, and it was applied to determine the tem- 
perature variation of the earth.® 
We write the boundary condition in the form 


p(t) = Ac. (3-4.2’) 


From the linearity of the heat-conduction equation it follows that the real 
and imaginary parts of a complex solution of the heat-conduction equation 
separately satisfy this equation. 

If one also finds a solution of the heat-conduction equation which satisfies 
the condition (3-4.2’), then its real part satisfies condition (3-4.2) and its imagi- 
nary part satisfies the condition 


(0, ¢) = p(t) = Asinet. 
We consider therefore the problem 


8 See Section 3-5 $1. 
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2 
ul, = @ltxs, 


? -4, 
u(0, t) = Ae‘. (ete) 
We seek its solution in the form 
u(x,t) = Ae (3-4.4) 


where a@ and & are constants to be determined. 


If we insert (3-4.4) into Eq. (3-4.3) and into the boundary conditions we 
find 


from which there results 


cna fBnalBi=2/E P= / B/E), 


Hence we have 


Volta) ct it+ Vw) 2a2) 
u(x, t) = Aet (w/2a2)x+i(t ¥(w/2a2)x bwt) z (3-4.5) 


The real part of this solution, namely 


- Vv @W 
w(x, t) = Ae** !24* cog (+y Ba 
a 


satisfies the heat-conduction equation as well as the boundary condition (3-4.2). 
Formula (3-4.6) first of all defines not only one but two functions, since there 
are both plus and minus signs in the exponents before the roots. If we 
observe that only the functions corresponding to the minus sign are bounded 
then we obtain as a solution of our problem: 








wt) (3-4.6) 





u(x, t) = Ae~“@P== cog (-< 4 ot). (3-4.7) 


2a 2 


The problem without initial conditions for a bounded interval is treated 
similarly: 


ty = A Use 
u(0, t) = Acosat (3-4.8) 
u(l,t) =0 


If we write the boundary conditions in the form 
A(0,t)= Ac, al, t)=0 
and seek the solution in the form 
A(x, t) = X (xe (3-4.9) 
then we obtain from (3-4.8) for X(x) the differential equation 


X" + EX =0 or =X" 477X=0, 


r /% yo +a 


(3-4.10) 
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and the auxiliary conditions 
AXA(Q)=A, X(l)=0. (3-4-11) 
Consequently, for X(x) we find 


(pa ary IG): (3-4.12) 
sin yl 
where X, and X, are the real and imaginary parts of N(x). Therefore, for 
a(x, t) we obtain the representation 


AG = AS) ie (3-4.13) 
sin yl 
By separating out the real parts of &(x, t), we finally find the solution of the 
original problem without initial conditions in the form 


u(x, t) = Xi(x) cosat + X2(x) sinew. (3-4.14) 


From the above, the explicit determination of X, and X, gives no difficulty. 
If the boundary function is a combination of harmonic vibrations of dif- 
ferent frequencies, the solution of such a problem can be represented by a 
superposition of the solutions corresponding to the individual harmonics. 
We shall now prove the unique solvability. of problems without initial 
conditions for the semi-infinite line. We proceed from the formula 





a _{' x (x2/4a2(¢—1) 
7 = a hae (tr 0, 
u(x, t) Da i [ea € u(O, ct) dr 
4 BTE\. VRE {e-G-6 2/sa2(t—ty) _ g- (at b) *f4aPe— tol} 1g(E, ty) dé 
0 0 
= Tt des t2 ty (3-4.15) 


which represents every bounded solution of the heat-conduction equation 
through its initial function w(x, ?¢)) and its boundary function 2(0, ¢) = u(t) in 
the region x20, t2%. 


We show next that the limit 





lim J,(x, t) =0 (3-4.16) 
ty 
exists if the following holds for all t: 
Ju(x, t)| <M. 
In fact, we have 
oo b) oo 3 
rete 7{\ ot das — | o*tdas| 
Va —2/3%a%(t—ty) x/3a2(t—t9) 





eda, 


M x/2 a2 (t-t9) 
4: 


0 


where 
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= c= *% = Etx 

2/ at — to) 7 Vat = to) 
From this (3-4.16) follows, since as tp—» co both x and ? remain fixed. If in 
(3-4.15) the variables x and ¢t remain fixed and ?¢, tends towards —co, then 
u(x,t) is equal to the limit value of the first summand. We therefore obtain 


a and a 


u(x,t) = areal ee ec 
’ 2Vx )_.(a(t— =)" 


which shows that there cannot be two different solutions of our problem. 
We can also prove that formula (3-4.17), for every bounded piecewise con- 
tinuous function u(t), represents the solution of the corresponding problems. 
We can proceed analogously for problems without initial conditions for a 
finite interval O<x</. Here if the boundedness of the solution is not re- 
quired these problems would not be uniquely solvable, since the function 


UB aR lt) ade : (3-4.17) 


= nt, ire 3) 
un(x, t) = Cet"! ** sin =e 


for arbitrary » produces a solution of the problem in question with homo- 
geneous boundary conditions. These solutions as t—»—oo become unbounded. 
The uniqueness of a bounded solution can be shown immediately. 


Problems 


1. Determine the Green’s function for (a) a one-sided bounded rod for bound- 
ary conditions of the first and second type when no heat exchange results 
on the lateral surface; (6) a two-sided unbounded rod when there is heat 
exchange on the lateral surface; (c) a one-sided bounded rod in the presence 
of a heat exchange on the lateral surface and with boundary conditions of 
the first or second type. 

2. Find the Green’s function for a one-sided bounded rod with heat insulated 
lateral surface for the third boundary value problem, where the boundary 
conditions have the form 

ou 


— — Au(O, t) = f(t). 
Ox 


Solution: 


i = 2-6)? /4a2 t-7) tre)? s4a7 Ut) 
G(x,&,t—¢ =o tr)" /4a°t—7) 4g 
2V xaX{t — 7) 


_ an\” a 
0 

3. Solve the heat-conduction equation for (a), (5), and (c) of Problem 1 when 

(1) a heat source Q = Q(t) develops at the point x = & (Q =Q,=const.); (2) 

an initial temperature distribution u(x, 0) = ¢(x) is prescribed, where 


tae Ug forO<x«<Il 
eee NG outside of the interval (0,2) ; 
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(3) the heat sources are distributed throughout the entire rod with the density 
(x,t) while the initial temperature is equal to zero, where f(x, ¢) = do = const. 
(stationary sources). 

4, A one-sided bounded rod with heat-insulated lateral surface is uniformly 
heated up to a temperature 


u(x,0) = uw, = const., x>O0Q. 


Let the ends of the rod be held at the time ¢ = 0 at the constant temperature 
zero 


u(O,7)=0, t>0. 
Determine the temperature u(x,t) of the rod and use the tables for the error 
integral 
2 
Vi 
to construct the graphic representation of w(x, t) with respect to x in the 
interval 





Oz) = \\ew'da 
0 





Hint: In a suitable manner introduce the dimensionless variables 


2: 
x at u 
i es G=—, v=—., 
1 I to 





5. The end of a one-sided bounded cylinder is opened at the initial moment 
t=0. The surrounding atmosphere contains a gas whose concentration Is to. 
Find the concentration u(x,t) of the gas in the cylinder for ¢>0 and 
x > 0 when the initial concentration in the cylinder is equal to zero. Use 
the tables of the error integral to determine how much time must pass until 
the concentration of the gas in the cross section at the distance / from the 
end of the cylinder has reached 95 per cent of the exterior concentration. 
Further, determine the law of motion of the layers of constant concentration. 
6. Let a heat flow &u,(0, t) = q(t) be directed toward the end of a one-sided 
bounded rod whose initial temperature is equal to zero. What temperature 
u(x, t) does the rod attain when (a) the lateral surface of the rod is heat in- 
sulated; (0) on the lateral surface the rod undergoes a heat exchange (accord- 
ing to Newton's law) with the environment whose temperature is equal to 
zero? Consider the special case qg = qo = const. 
7. The end of a one-sided bounded rod is maintained at the constant tem- 
perature mw); on the lateral area of the rod there occursa heat exchange with 
the surroundings which is at the constant temperature «,. The initial tem- 
perature of the rod is zero. Find the rod temperature w(x, ¢). 
8. Solve problems 6(a) and (8) under the assumption that #(x,0) equals su, 
= const. 
9. Determine the temperature distribution in a one-sided bounded rod with 
heat-insulated lateral areas at whose ends (a) a temperature x(0, ft) = A coswt 
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exists; (b) a heat flow Q(t) = Bsinewft occurs; (c) Newtonian heat exchange 
with the environment exists, whose temperature changes according to the 
law 2(t) = Csinoat. 

10. By using the method of reflections construct the Green’s function for a 
two-sided bounded rod with heat-insulated lateral surfaces for boundary con- 
ditions of the first and second types. 

11, Let a two-sided unbounded rod be comprised of two homogeneous rods 
which are brought together at a point x = 0 and are characterized by a,, k, 
and a:, k; respectively. Let the initial temperature be 


T; for x <0 


a aa ={7 for x >0. 


Determine the temperature w(x, ¢) in the rod when the lateral surface is heat- 
insulated. 


3-5. APPLICATIONS TO CHAPTER 3 


1. Temperature waves 


The treatment of the problems of propagation of temperature waves in 
the earth is one of the first examples of the application of the mathematical 
theory of heat conduction developed by Fourier for the investigation of natural 
phenomena. 

As is known, the temperature of the earth’s surface changes very dis- 
tinctly in a daily (day-night) and a yearly (summer-winter) period. We shall 
treat the propagation of the periodic temperature distribution in the earth 
which we assume to be a homogeneous half-space 0 S x < co (from the surface 
to the interior). This problem is a characteristic example of problems with- 
out initial conditions. After several temperature variations on the earth’s 
surface, therefore, the influence of the initial temperature is small in com- 
parison with the influence of other factors which we likewise disregard (for 
example, the inhomogeneity of the earth). In this way we then arrive at 
the following problem:* 

Determine a bounded solution of the heat-conduction equation 





Ge = tO ; Osx mw, —w<f, (3-5.1) 
ot ox” 
which satisfies the condition 
u(0,t) = Acoseat. (3-5.2) 


We have already considered this problem earlier in this chapter. Its 
solution has the form (see Section 3-4 §7) 





u(x, t) = Ae “w/2a)s cos(— =t — wt). (3-5.3) 


67 H.S. Carslaw, Mathematical Theory of the Conduction of Heat in Solids, London, 
1921. 


216 PARABOLIC DIFFERENTIAL EQUATIONS 


On the basis of this solution the temperature waves in the earth can be 
described in the following manner: When the temperature of the surface 
changes periodically over a long period of time, then a temperature fluctuation 
with the same period is developed in the earth. Therefore: 

1. The amplitude of the distribution decreases exponentially with the 
depth: A(x) = Ae~"(wite?)x, j.e., an arithmetic increase in the depth corre- 
sponds to a geometric decrease of the amplitude (Fourier’s first law). 

2. The temperature distribution in the earth takes place with a phase 
displacement. The time 6 between the occurrence of the temperature maximum 
(minimum) in the earth and the corresponding time point on the earth surface 


is proportional to the depth: 
1 
j= Vy yist 
: 20a? 
(Fourier’s second law). 


3. The depth of penetration of the temperature in the earth depends on 
the amplitude of the temperature distribution on the surface. The relative 
change of the temperature amplitude is equal to 





A(x) = ge “(w/2a2) x 


A 


This formula shows that the depth of penetration of the temperature is 
smaller when the period is smaller. For two temperature distributions with 
periods 7, or T,, the corresponding depths x, and x. in which the relative 
temperature changes coincide, are connected by the relation 


wf 


(Fourier’s third law). For example, it shows the comparison between the 
daily and the yearly variations (JT, = 3657)): 


Xe= V 365 x, = 19.1 x, 


that is, the depth of penetration of the yearly distributions with equal am- 
plitude on the surface is 19.1 times as great as the depth of penetration of 
the daily distribution. 

For example we shall give the results of observations of the yearly tem- 
perature distributions of the station Gosch (Amur):* 


Depth (m) Amplitude (°C) 








rt 


1 11.5 
2 6.8 
3 4.2 
4 2.6 


These values show that the amplitude of the yearly distributions at 4m 


68 M.I. Sumgin, S.P. Kachurin, N.JI. Topspikhin, V.F. Tumel, General Ground 
Frost Science, Moscow, 1940, Ch. V. 
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depth has diminished to 13.3 per cent of its value on the earth’s surface, 


which is equal to 19.5 degrees. 
On the basis of these values one can determine the thermal conductivity 


of the earth: 
A(x) w 2 ax 
] =o nen: -— “ 
aay Voa*’ =? Dn (A(R/A) 


From this we find the thermal conductivity, 





a =4-10° cm! . 
sec 
The maximum temperature at 4m depth four months later would therefore 
reach that of earth’s surface. 

However it should be noted that this theory holds only for heat conduc- 
tion in dry soil or rocky terrain. With moist soils the temperature pheno- 
mena are more complicated; with frozen ground a latent amount of heat would 
be freed which this theory does not consider. 

The thermal conductivity of a body is one of the characteristic quantities 
which is of importance in the investigation of its physical properties and also 
for different technical calculations. The investigation of the propagation of 
temperature waves in rods depends on one of the laboratory methods for the 
determination of the thermal conductivity.” 

Let the end of a sufficiently long rod be heated and cooled periodically 
as u(t). If we develop this function in a Fourier series, 


ao 


2 








HE) = 


cas 2nn . 2mn Oy. = nn 0 ) 
n oe n a nN i On 
+ 3 (2 cos T ¢+ 6, sin T t) 9 + 2A cos( r (¢ ) 





= 2 2 o T 22) 
A,=Va,t+5., Oo. = oan (« + arctg rae 


(T is the period) and determine the temperature waves corresponding to the 
individual summands, then we find that the temperature u(x, ¢) for an arbitrary 
x iS a periodic function of time; hence for its #th harmonic vibration we have 

















u(x, f) = a,(x) cos ean t + 0,(x) sin eet t 
7 r 
= A,e~ "1722s cog (7/ Tat a mu f+ an) 


or 
l aa(¥i) + b3(x;) = en V(rn/Ta®)(x,—x9) 3 
V ai(x2) + bi x2) 


This formula shows the following: If one measures the temperature 
changes at any two points x, and x, during an entire period, then by deter- 


69 Special Physical Practices, vol. 1, Prob. 35, Moscow, 1945; V. I. Iveronova, Physical 
Practice, Prob. 23, p. 117, Berlin, 1957. 


218 PARABOLIC DIFFERENTIAL EQUATIONS 


mination of the coefficients a,(x:), ba(x1), @a(X2), On(x2) by means of harmonic 
analysis, one can determine the thermal conductivity a’ of the rod. 

The periodic temperature variations (temperature waves) in a rod, for 
example, can be generated in the following manner. One end of the rod is 
placed in an electric furnace and a repeated pulsed current passed through. 
Because of this periodic warming in the rod, a periodic temperature fluctua- 
tion can result after a certain time. Now by means of a thermostat, we can 
measure the temperatures zw(x,, 7) and u(x,,¢) at any two points x, and x, 
during a complete period of change of the boundary influence and thus obtain 
u, and x, as described above; in this manner the thermal conductivity a’ 
of the material of the rod can be determined. There are two conditions 
necessary for application of this theory. First, the rod must be heat- 
insulated on the lateral surface; and second, the temperature at the other end 
of the rod must be controlled, if we are to be justified in using here the 
theory of temperature waves in a one-sided bounded rod. Therefore, we have 
to prove that the temperature at the free end of the rod is constant, and 
this is accomplished with the help of another thermostat. 


2. The influence of radioactive decay on the temperature of the 
earth's crust a 


For the estimation of the state of temperature in the earth’s interior some 
hint can be obtained from observations on the earth’s surface. The impor- 
tance of this lies in the fact that the daily and the yearly temperature varia- 
tions take place only in a relatively thin layer of the surface (approximately 
10—20m for the yearly variations), while the temperature below this layer 
changes very slowly in the course of time. 

It has been observed in ravines and caves which lie 2—3 km beneath the 
earth’s surface that the temperature increases with increasing depth on the 
average of 3°C per 100m. 

The first test, carried out at the end of the 1800's, to give a theoretical 
explanation for the observed geometric gradient, met with insurmountable 
difficulties.” It was concluded that earlier the earth must have been radiat- 
ing heat and that it cooled gradually. The initial temperature characteriz- 
ing this cooling process must have been of the order of magnitude of T, = 
1200°C (the melting temperature of rock); the surface temperature is of the 
order of magnitude of 0°. Further, the surface temperature may not have 
changed essentially (not more than 100°) from the period when vegetable or 
animal organisms first occurred on the earth. The cooling process, considered 
in this sense as purely quantitative, leads then to the solution of the heat- 
conduction equation 

at dz 


7 H.S. Carslaw, Mathematical Theory of the Conduction of Heat in Solids, London, 
1921, Ch. 3. 
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in the half space 0 < z < o with the initial and boundary conditions 
u(z, 0) = To 
u(0,t) =O. 


The solution of this problem was treated in Section 3-3; we obtained it 
in the form 


2 2/2 Vat 2 
u(z,t) = Te e° da. 
a Jo 
The gradient of this function at z=0 is given by 
Ou = To go fsa") = To — 
@z |.20 Vx Vat =0 0 UV Vat 





If we substitute in this expression the value of the geothermal gradient 7 = 
3 - 107‘ degrees/cm, JT) = 1200°C, and the value a* =0.006cm’/sec (the average 
value of the experimentally found coefficients of the thermal conductivity 
of granite and basalt), then for the time duration of the cooling process we 
obtain the value t = 0.85- 10'* sec = 27 million years. Such an estimate of 
the age of the earth is, however, incompatible with the geological facts. The 
approximate nature of the theory being considered—that is, disregarding the 
earth’s curvature, the variability of the thermal conductivity, and the in- 
accurate value of 7,—naturally cannot strongly influence the order of mag- 
nitude of the value found for the age of the earth, which according to modern 
investigation has been estimated at around 2 - 10° years. 

The physical scheme of the course of the temperature in the earth can 
be represented in a different manner, using radioactive decay. The radioactive 
elements distributed in the earth’s crust generate by their decay a certain 
amount of heat which naturally contributes to the warming of the earth. 
Therefore, the corresponding heat-conduction equation must have the form 

du a A 
’ 


2 
u ee 
ot az” +S, f cp 





2 
=a 


where A represents the volume density of the heat source. On the basis of 
numerous measurements of the radioactivity of rocks and the amount of heat 
generated by their radioactive decay we usually choose the value 


£2319 St 
cm’ sec 
This value is considered to be the heat developed by uranium, thorium, and 
potassium, including their decay products. 

We shall now assume that the density of the radioactive source in the 
interior of the earth sphere is constant and has the value A on the upper 
layer of the earth’s crust. Under this assumption we obtain for the amount 
of heat generated in the entire sphere during a unit of time 


Q= aR A ; 
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We assume further that the earth is not warmed by the radioactive-generated 
heat. In this case, for the amount of heat flowing per unit of surface area 
we obtain 





where & is the coefficient of heat conductivity and @u/éz|,-) is the geothermal 
gradient at the earth’s surface. 
From this we find 


Ou > AR 263. 19-2 degrees 
@z |:=0 3k cm 





where R = 6. 3- 10°km is the earth’s radius and k = 0.004 is the average heat 
conductivity of the soil rocks. 

Accordingly, under the assumption that the distribution of the radioactive 
elements are constant and the earth is not warmed by the radioactive decay, 
the calculated geothermal coefficient exceeds the observed value 


y =3- 10‘ degree/cm 


by two orders of magnitude. 

We now drop the hypothesis that the radioactive elements are distributed 
uniformly and assume instead that they lie in a layer of thickness H of the 
earth’s crust. Without considering the curvature of the earth we then obtain 
for the determination of the stationary temperature the equation 





2 
Ae for0szsSH 
az 
=0 for z>H 
with the conditions 
woy=0, 4| =o. 
6Z |r-= 





The solution of this problem is obviously given by 


A 2 
aera ae ye, < < 
wa) = 4(H a O<z<H 


— z2H 


a | 


since this function including its first derivative at z= 4H is continuous and 
the conditions of the problem are satisfied. 
If now we calculate the value of the gradient of this function at z=0 


and compare it with the observed value 


y =3-10‘degree/cm, 
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then we find 


We shall now estimate how the assumption that the temperature is station- 
ary affects the size of the geothermal coefficient. To this end we consider 
the solution of the heat-conduction equation 





aw aw 
oe ge 
flee. peer 
cp 
=0, z>H 


with the homogeneous initial and boundary conditions 

w(z, 0) = 0 

w(0, 7) =O. 
As we saw in Section 3-3 the solution of this problem is represented by the 
integral 


w(z, t) = \- ce, t,t —r)f(O)dedl . 
0 0 


In this case G is the Green’s function for the one-sided bounded straight line: 
= 1 
(OY Vat — 7) 


For the value of the gradient of the function w(z, ¢) for z=0, by considera- 
tion of the value of / there results therefore 


{e-@-9) 2fsa2(t—r) _ p-la+g) 2/4a2(t—r) } : 


G(z,f,t—¢ 





























ow A att € —-2f4a2(1— 
a 62 ——— pf */402(t-7) 
Qz |rx0 = Cp2Y 2 \ aa — t)}§ : aide 
A t 1 n2/4a2(t—7) -a dad 
aie ee 
A 7 1 2 2 
= —| ———/] — —H*/40°8) dg, G6=t-—r. 
cp x | a [ f . 
Therefore 
aw] A a 
az |b-0 covz | a a” o5 a’ J’ 
where 
peta H woh uid: ds ___ a _do 
2% a0’ ° 2 at ’ ao HH Va 


Now 
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so that 








[1 - eo HP/1a2t | +H 





7\ ota. (3-5.4) 


Va my2% art 


2 0 Cpa 
Further, 

: w A 

lim a =—H; 

t-0 QZ 2.0 k 
then cpa’? =k, the limit value of the first summand in the curved brackets 
vanishes and the limit value of the second summand is equal to H. 

We now calculate the difference between the limit value of dw/dz obtained 

above and the value of dw/dz for 


t=2-10° years =6- 10’ sec. 
Then a is small: 


i 108 l 
eg ey ey 1) 
2/et 21/6-10%-6- 10" 2-19 os 


Jo = 


By expanding in series the functions appearing in formula (3-5.4) we obtain 


2 A 
= piety As cont HAH - 0.04 
z Wen ae Vr va} k : 


, ow/dz|,-9 differs by about 4 per cent from its limit value as t—> oo. 

“We can calculate the function w(z,¢) for z > 0 and prove that for z 2H, 
when one introduces the age of the earth for ¢, the function still deviates 
considerably from its limit value” (although, as we see at the surface, the 
gradient is practically equal to its limit value). 

These considerations are all only estimates; nevertheless we must conclude 
from the fact that the rate of the radioactive decay does not change with 
the temperatures and pressures obtainable, that the concentration of the radio- 
active elements with increasing depth decreases rapidly when the value of 
A for the upper layers of the earth’s crust, as it has been determined by 
numerous measurements, is taken as a basis. A physical theory which would 
allow us to derive a law for the decrease of the concentration of radioactive 
elements with increasing depth has not yet been developed. 








3. The method of analogy in the theory of heat conduction 


The method of analogy has been shown to be very useful for the solu- 
tion of a series of problems of heat conduction. As an example, therefore, 
we shall consider the following two problems. 


m1 A.N. Tychonoff, ‘‘Concerning the Influence of Radioactive Decay on the Tempera- 
ture of the Earth’s Crust,’’ Investigations of the Academy of Science of the USSR, 
Division of Mathematics and Natural Sciences, pp. 431-459, 1937. 
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1. The Green’s function for the infinite straight line. The heat-conduction 
equation obviously remains unchanged by the substitution 


‘= kx, ti=k*t. (3-5.5) 


That is, when the linear scale of the rod changes k-fold, and the time scale 
changes &’-fold. 
We seek next the solution of the heat-conduction equation 


Uy = DU: (3-5.6) 


with the initial condition 


Uo for x >0 
= 3-5.7 
es) {5 forx <0. ( ) 


Also, the initial condition (3-5.7) is not changed by the above scale changes. 
Therefore, for the function x(x, t), the equation 














u(x, t) = u(kx, kt) (3-5.8) 
holds for all x,t, and &. 
Now if we set 
pe (3-5.9) 
2 t 
then we obtain 
x 1 x 
of es, Ee = 3-5.10 
ulz,)=(s55, =) wl (aor) (3-5.10) 
The function u therefore depends only on the argument 
x 
a ne 3-5.11 
z BVT ( ) 
For the derivatives there results from (3-5.10) 
Gu_, Gf 1 fe _ xem df 2 af 
axt 8 dz At’? att —(ié‘C dz ts dz 


If we introduce this expression into Eq. (3-5.6) and divide it by u/4¢, then it 
follows that 


2 
aff -— 2,8f (3-5.12) 


with the auxiliary conditions 
f(-~)=0, f(wos=1, (3-5.13) 


which correspond to the initial condition for the function w(x, t). 
By integration of Eq. (3-5.12) we obtain 
z zja 


it 
al =m, fi=Cet, fac | e-Platge — C, | o-ttdl. 
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Therefore, the lower limit is so chosen that the first condition of (3-5.13) is 
fulfilled. The second will similarly be fulfilled if we set 











C= 74 
Therefore 
Uo ee pepe Me 2 
u(x, pal ede = Si+o(s =) |- (3-5.14) 
where 
02) = aera 


is the error integral. If the initial value has the general form 


Uo for x > x Ba 
= -5.1 
Han 0) 6 for x < <x (95-19) 
then 
<2 ilo x 7 
u(x,t) = 5 ak +555 BV at =). (3-5. 16) 


We turn now to the solution of the second auxiliary problem for which 
the initial conditions have the form 


u(x,0)=0 for Xe< Xx 
= to for Xp <X < Xe (3-5.17) 
=0 for X<X. 


In this case 








w(x, t) = | of wn) = of Wer) | 


The initial temperature #) corresponds to an amount of heat 
Q = Cp(%2 — xXi)tto - 
If Q=cp, then 


ete Va. gf ame roy @ 
u(x,t) = Rae. >| %( at) - o( Sat) | : (3-5.18) 


The Green’s function then obviously represents the limit value of the func- 
tion w(x, f) as (x. — x,) 0 in the passage to a point source. 
The corresponding passage to the limit in formula (3-5.18) gives 


u(x,t) =— 2 =|5% = i (3-5. 19) 
f= a 


since on the right side of (3-5.18) the difference quotient arises whose limit 
value is the derivative in (3-5.19). 
Now if we perform the differentiation we find 
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1 1 
u(x, t) = De afi 2/40? . (3-5.20) 
i.e., u(x, t) = G(x, x1, ¢) is the Green’s function. 


2. Boundary-value problems for the nonlinear heat-conduction equation. We 
consider the equation 


Z| en | = cot (3-5.21) 
and seek the solution which satisfies the boundary condition 
u(O, t) = m4 (3-5.22) 
and the initial condition 
u(x, 0) = ue. (3-5.23) 


Also in this case a substitution of the form (3-5.5) changes neither the Eq. 
(3-5.21) nor the auxiliary conditions (3-5.22) and (3-5.23). 
From this it follows that 








x x 
, = —_. } = ; = ie -5.24 
Me N=Ssor)=s@, 2255 (35.24) 
By using this expression we obtain for f the equation 
vale ne ee op (3-5.25) 
dz dz dz 


with the auxiliary conditions 
J(0) = 41, f(co) = we. (3-5.26) 


The function f(z) can be calculated by numerical integration in those cases 
in which it cannot be found in closed form. 
Equation (3-5.25), under very general assumptions on k and cp, also pos- 
sesses a uniquely determined solution which satisfies the conditions (3-5.26). 
As an example of (3-5.21) we consider the case in which k&(u) = ky) + kyu 
is a linear function in w and cp is a constant. By a suitable change of the 
time scale and a scaling of the values of « we then obtain the equation 


) Ou ou 
—| (1 — |= —— 3-5.27 
ax { note ax | at ’ ( ) 
with the initial and boundary conditions 
u(x,0)=0, “uO,f)=1. (3-5.28) 


Now if we set 





u(x, t) = f(z), Sage 


then f(z) must satisfy the condition 
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dz dz 
fO=1, Fico) = 0. (3-5.30) 
Figure 42 shows the results of the numerical integration of (3-5.29) for dif- 
ferent values of a. 


“fa a ase | —_2,4f (3-5.29) 























FIG. 42. 


4. The solidification problem 


If the temperature of a body changes, then its physical (state) condition 
changes. If, in particular, the temperature change includes the melting point, 
then the body is transformed from the fluid to the solid state (or conversely). 
Moreover, the temperature on the transition surface during the entire time 
remains constant. Owing to the motion of the transition surface, a latent 
heat of fusion is freed (melting). In the following we shall formulate the 
additional conditions which must be fulfilled by the solidifying surface.” 

To this end we shall consider the problem in which the transition surface 
is described by the plane x = &(t). During the time interval (¢,¢+ dt) the 
boundary x = € can be displaced from the point = x1, to the point =x, = 
x, +J&. In so doing, the mass pJé solidifies (or melts in case JS <0) and 
an amount of heat ZoJé is released. 

To satisfy the energy conservation law, this amount of heat must be 
equal to the difference of the amount of heat passing through the boundaries 
&fo=x, andé=x,. Therefore, the condition 


[ ott | — pp St ja jpde 
Ox ry Ox 


72 Ph. Frank and R.v. Mises, Differential and Integral Equations of Mechanics 
and Physics, Braunschweig, 1930/1935; Ch. 13. 











*2 
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must also be fulfilled where k; and k, are the heat conductivity coefficients 
of the first and the second states while 2 is the heat of fusion. 

If now in this expression we let 4t tend to zero, then the auxiliary con- 
dition on the transition surface takes the form 


kh Ouy _ » dé 
; ox x= p dt ~ 


This condition is valid for the solidification process (for 4€ > 0 and d&/dt > 0) 
and also for the melting process (for 4€ <0 and dé/dt <0); the direction in 
which the process proceeds can be determined from the signs on the left side. 

Now we shall consider the freezing process of water where the melting 
temperature is zero. Let the half space x20 be filled with water. This 
amount of water then is bounded on one side by the plane x =0. At the 
initial moment t= 0, the water has the constant temperature c>0. If the 
surface x = 0 steadily maintains the constant temperature c, <0, then the 
transition surface x = &€ penetrates, with time, into the fluid. 

According to the above, the problem of the temperature distribution in 
the freezing water and the determination of the velocity of propagation of 
the transition surface leads to the equations 


Ou2 
— k,— 
x= € i Ox 





(3-5.31) 

















Ou, 2 Oy foe 
Ot = ay ax or <x<6& 
(3.5.32) 
a =a 2 for <x < 00 
with the auxiliary conditions 
u= Cy for x =0 
3-5.33 
u,=C fort =0. ( ) 
Moreover, on the transition surface the conditions 
u, = Uy = 0 for x=& (3-5.34) 
ou ou dé 
ki—| —-k-— = Ao—- 3-5.31 
* ax =e "ax =e p at ( ) 








must be fulfilled where &,, ai or k:, a2 are the coefficients of the heat and 
thermal conductivity of the solid and liquid states. 
For the solution of the problem we make the Ansatz 


“u, = A, + B05) 
Ue 2+ Be Caz 

where A,, B,, Az, and B, are constants to be determined while @ is the error 
integral 


O(x) = ve [ew dé. 
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If we consider the conditions (3-5.33) and (3-5.34) then we obtain from (3-5.33) 
A,=, A,+B,=c 
and from (3-5.34) 


q = 
al B57) 7s 


A, + Bo( 


aT) = 
2a. t 

These conditions must hold for arbitrary values of ¢. This is possible only 
when 


=a/t (3-5.35) 


is valid, where a is a fixed constant. The expression (3-5.35) determines the 
law of motion of the transition surface between the fluid and the solid states. 
For the constants A,, B,, Az, B,, and a the following expressions result: 


At = C1, B,=- a 
aay (3-5.36) 
: 1 — ®(a/2a,)’ >"> 1 = Gl(a/2a,)" 


For the determination of a the requirement (3-5.31) leads to: 





Ricyew2/4a4 kyce~#"/ 433 

a,P(a/2a,) * a:{1—Gla/2a,)] a Aa ese 
The solution of this transcendental equation gives directly the value of a. 
That at least one solution of c, < 0, c > 0 exists follows from the fact that 
the left side of this equation varies from —oco to +c when a@ passes through 
all values from 0 to oo,’* while the right side for such a assumes only the 
values between 0 and —oo. In the case when c is equal to the melting tem- 
perature (c = 0), expressions (3-5.36) and (3-5.37) for the determination of the 
coefficients reduce to a simpler form: 








A = — 0 — ancl 3-5.36' 
2 B, , A, C1, By D(a/2a,) ( ) 
and 
2 2 
kice™* /4ay Va i 
= 22 : 3-5.37 
a,0(a/2a,) sae) ( ) 
If we set a/2a, = Bf, then (3-5.37') can also be written in the form 
1 e# 
= ae 3): 
Vz (8) P 


where D is determined by 


73 For an asymptotic representation of the function 1 — @(z) as z— oo see the Ap- 
pendix. 
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p= Apai 


= <0 
Ric, 


By use of the graphic representation of the function (f) = e-8/1/x (8) given 
in Figure 43, the value of a can be determined. 

The solution of the solidification prob- 
lem can also be found with the help of the 
analogy method as discussed in Section 
3-5§3. To a certain degree the solidifica- 
tion problem is a limiting case of a non- 
linear boundary-value problem similar to 
that in the previous section. The coef- 
ficients of heat conductivity and heat 
capacity for solidification problems are 
piecewise constant functions. Moreover, 
the heat capacity for u(x, t) =0 is infinite. 
This case can also be obtained as a limiting 
case as e—0 if one assumes that the latent 
heat is not freed instantaneously but is 
released during a fixed interval (—e, +e). 
Therefore, we naturally must have 


i FIG. 43. 
















































































clujdu =a. 


—e 
One can easily prove that all the conditions of the problem remain un- 
changed when the length scale changes k&-fold and the time scale &’-fold. 
Therefore the solution depends only on the argument x//t, i.e., 


u(x, t) =1() , 


Hence, in particular, it follows that the motion of the zero isotherm can be 
described by the equation 





=aVt, 


when a is the value of the argument, for which 


f(a) =90 
is valid. 
For the determination of the of the function f the following conditions 
result: 


2d fi an 
a 2277 forO<z<a 
22h, og dhe 

a 22° for a<z< oc 


Ai0)\=a, filo)=c, fila) = fila) =90 


ki fila) — ke fa) = los 
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Therefore, 


fla) = Ay + B0(5=-) for0<z<a 
2a, 


f(2) = 
Ffi{z) = Art B.0( 52) fora<z<o., 
. 2a, 

For the determination of the constants A,, B,;, A., B,, the requirements 
(3-5.33) and (3-5.34) must again be used, from which (3-5.36) results. For the 
determination of a the condition (3-5.37) is used. Therefore the respective 
analytical parts of both methods of solution coincide. 

These considerations show that the solidification problem can also be 
solved in the cases in which the latent heat is freed not for a fixed tempe- 
rature but in a certain temperature interval. Ina similar manner the solution 
is possible when not one but many critical temperatures are given. Such 
cases can occur for changes of state in the transition from one crystalline 
structure to another (for example, for the recrystallization of steel). 


5. The Einstein-Kolmogoroff equation 


Microscopic particles which are free to move in a medium are in a con- 
stant, permanent state of unordered motion (Brownian molecular motion). The 
probability therefore that a particle found at time ¢ at the point M, is found 
at time ¢ in a small neighborhood 4V of the point M can be described by 
the function 


WM, t} Mo, to): AV. (3-5.38) 


In this case by ‘‘probability’’ we mean the following: 

If a sufficiently large number WN of particles moves from the point M 
(we shall disregard the opposing influences) during a small time interval 
ty + dt, WN, t; Moto) is equal to the concentration of these particles as d4t—0 
at the point M at the time ?, if the total mass of the particles issuing from 
the point 4, is chosen as the unit of mass of the particles. 

A similar phenomenon occurs also in the diffusion of gases in, for ex- 
ample, a gaseous medium. 

The function W(M, t; M., to.) represents the Green’s function correspond- 
ing to the unit mass. Obviously, we must have the condition 


| WA EMV ok. FS, (3-5.39) 


If the initial concentration of the particles at a fixed time ¢) is equal to g(//), 
the concentration u(M, ?¢) of these particles at time ¢ > t must be equal to 


u(M, t) = | W(M, t; P, ty)p(P)dV , (3-5.40) 


where the integral is extended throughout all space. 
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From this relation results the Einstein-Kolmogoroff equation:”* 
W(M, t; Mo, to) = | wow, t; P,0)W(P,0; Mo, t)\dVp, t.<O<t. (3-5.41) 


We shall now show that, under certain conditions which the function 
W(M, t; M,, to) must satisfy, the solution of the Einstein-Kolmogoroff equation 
satisfies a parabolic differential equation. Therefore, we shall consider the 
case in which the position of the point M is described by a single coordinate 
x and assume that the function W(x,t; xo, to) satisfies the following conditions: 





(a) lim —— § = lim A lux — &)W(x,t +7; &, thdé = A(x, t). (3-5.42) 
T—0 T Tt 
If the particles during the time rt are displaced from the position & to 
the position x, then (x — &/r) is the average velocity of the particles. Con- 
sequently, requirement (a) means that the ordered motion of the particles 
takes place with a finite velocity. 


» {x= EP ye 2 : = 
(b) lim ——— = lim — | («x — 69 W(x, t +736, dE = 2B(x, Lt). (3-5.43) 
r—0 iC T 
The quantity (x — &)* does not depend on the direction of the displace- 
ment of the point x with respect to the point &. The average value of the 
square of the distance during the time r, 


ane =|te ~ 8) Wx, t+ 236, Ode, 


is ordinarily regarded as the measure of the unordered motion during this 
time interval. The requirement (db) says, therefore, that the average square 
for sufficiently small z shall be linearly dependent on the time. 


(c) lim #—EP tim mall |). Witt r6,)de=0. — (3-5.44) 

The Green’s function W(x,¢+7;&,¢%) for small ct values shall decrease 
rapidly when |x — €|— co and increase when |x — &| is small. 

Now in order to derive the Einstein-Kolmogoroff differential equation we 
multiply both sides of Eq. (3-5.41) with an arbitrary function ¢(x), which, 
including its derivatives, vanishes at the boundary of the region of integra- 
tion, and integrate over the entire region: 


| Wx, t+ 23 x0, to)W(xidx = WIE, bs x0, tas| Wik foe Ne@ae. 


Then we develop ¢(x) on the right side according to Taylor’s formula, 


i} Tht, p* 
Hx) = WE) + Gx — 2) + He — oy 4 Es — of, 
74 M.A. Leontovich, Statistical Physics, Moscow, 1944, Ch. 6; A.N. Kolmogoroff, 
“Analytical Methods in the Calculus of Probability,” Uspechi mat. nauk. 5, 1938. 


232 PARABOLIC DIFFERENTIAL EQUATIONS 


where &* is a value lying between x and &. After some simple transforma- 
tions, division by < gives 


(x) HE oe te fo) We to) yy 
T 
=| We, t; ta] OA + wie) (x — |e 


iQ ac \ |e" — EP WE, t x0, to) Wix, t+ 7; &, t)dédx . 


If we assume ¢’’"(x) to be bounded, i.e., 
ex) <A, 


and take into consideration 
| WE, ts xo, ted = 1, 


we obtain 





=| bl (E*\(x — EP WIE, ts x0, to) Wx, t + 23 &, tdédx 


= 


sO ll 2— EP M et + 06, ddx = Al ED 
Tt t 


From condition (c) it follows that this expression approaches zero as 
t—0. Therefore, with the use of conditions (a) and (6) and as r—0, we find 


[ous aW(«x, i Xo ? to) 
at 


dx 


= | WEE, ty x0, tle QAE, t) + o(OBE, Hlde. 


Now if we integrate the right side by parts and note that the function ¢(x), 
including its derivatives, vanishes at the boundary of the region of integra- 
tion, then we find 


Jf aW , (AW) a(BW)], _ 
[x] at’ ax ax” [er=o. 


Since this relation must hold for an arbitrary function ¢(x), the Einstein- 
Kolmogoroff differential equation 


aw a~AW)  a(BW) 
—— = - YH 3-5.4 
at ax. tax ee 
results for the function W(x, t; Xo, to). 
This equation, similar to the heat-conduction equation, is a parabolic dif- 
ferential equation and can be written in the form 


w= BW.) +aW, + pW, (3-5.46) 
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where 


a=—-A+ B, 
B=—-A,+ Ba=a,. 


From Eq. (3-5.46) we recognize that the quantity B has the physical signi- 
ficance of a diffusion coefficient. If the process considered is homogeneous 
in time and space, i.e., the function W depends only on the difference = 
x—xX, and é=t—t4,, then the coefficients A and B are not dependent on x 
and ¢ and are constant. Eq. (3-5.45) is then a differential equation with con- 
stant coefficients: 

OW _ ow aw 


—A B 
at ax _ ax? 








(3-5.47) 


If W depends only on |x — &], i.e., the probability for a right- and left-sided 
displacement at the same distance from the point &, coincide, then obviously 
A must be equal to zero. Analytically this follows from the formula (3-5.42), 
since the integrand is an odd function. 

In this case, Eq. (3-5.45) is transformed into the simple heat-conduction 
equation 


= B ‘ (3-5.48) 








6. The 6 function 


1. Definition of the 6 function. In addition to the continuously distributed 
quantities (mass, charge, heat sources, impulse, etc.), point-form quantities 
(point mass, point charge, point-form heat source, point-form impulse, etc.) 
also often occur. We emphasize that this idea represents a “‘limiting case,”’ 
although it is used by physicists principally as an independent concept—by 
omission of the corresponding passage to the limit. 

With regard to the physical significance of the 6 function, we shall first 
consider the following relations. Let a unit of mass exist inside a fixed region 
of space T in the neighborhood of a point M,. At some other point M of 
the space, the mass then produces a fixed potential (see Chapter 4, Section 5). 
We now select a sequence of functions {pn}(p, > 0), each of which is equal 
to zero outside of a sphere S of radius «, about the center point M,, whereby 
e, for noo approaches zero. From a fixed ” on, we always have 


\\| puP Ves ={\{ Pe se eee ie (3-5.49) 
T s 
Then we consider the sequence of functions 


rt Yr 


This obviously represents the potential of the masses which are distributed 
with the density p,. For n-»>co we obtain 
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Te ee ee (3-5.50) 


Roo Mom 





These results obviously do not depend on the choice of the sequence {pz}, 
and although the sequence {#,} now approaches l/r, the sequence {p,} pos- 
sesses no limit value in the class of the considered piecewise continuous func- 
tions. The ‘‘limit form’ corresponding to the sequence {p,} is called the 
Dirac 6 function and is designated by 6(M, M,). 

The basic property which defines the 6 function is the formal relation 


\\\ 6(My), M) f(M)dty = or for M, € T 
T 


3-5.51 
0 for M,¢ T ( ) 


where f(M) is an arbitrary continuous function of the point M. From the 
fact that the functions p,, for #— co in each region which does not contain 
the point M,, converge uniformly to zero and become unbounded in the neigh- 
borhoods of S of the point M,, one often defines the 6 function formally by the 
relations 


6(M, M,) = 0 for M# M, 
co 


3-5.52 
o(M, M,) = for M= M, ( ) 


and 


_ fil for M, € T : 
I au, My)deu ={5 eres (3-5.53) 


Eq. (3-5,.53) is then a trivial consequence of (3-5.51) for f= 1. 

In order to consider a sequence of functions in different problems we 
must introduce some new concepts of convergence: 

We say that a sequence of functions 


{un(x)} = w(x), U(X), +++, Un), 2° (3-5.54) 
converges in an interval (a, 6) uniformly if an N exists for every ¢ > 0 such 
that the condition 

| utn(x) — Un(x)| <e for n,m>N 
is satisfied for 2,m > N and an arbitrary x in (a, 8). 


A sequence (3-5.54) is said to be convergent in the mean in an interval 
(a, 6) if an N exists for every « > 0, such that the relation 


\ Un(X) — Um(x)|"dx < € 


a 


holds for all 2,m > M. 
A sequence (3-5.54) is said to be weakly convergent in an interval (a, b) 
if the limit value 


lim [ F(adus(side 


exists for each continuous function f. 
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In the treatment of convergent sequences we usually introduce the notion 
of limit elements of a sequence. Let us consider the class of continuous 
functions in the interval (a,b). In the case of uniform convergence the limit 
value already belongs to the same class of functions, but this is not neces- 
sarily true for mean and weak convergence. 

If the limit element does not belong to the considered class of functions, 
then this class can be extended by addition of the limit elements. In this 
case, by an extension will be understood all the original functions (perhaps 
by equivalent classes) and the limit element. Such an extension is already 
known from the theory of real numbers. There the irrational numbers are 
introduced as the limit elements which are defined by classes of equivalent 
sequences of rational numbers. 

With respect to the limit element for weak convergence we shall say 
that two sequences {wz,} and {v,} possess one and the same limit element 
if they are equivalent, i.e., if the sequence {uz, —v,} converges weakly to- 
wards Zero: 


noo 


lim [ Faeets) — v,(x)|dx =0. 


We shall now call a sequence {6,} of nonnegative functions a locally normal- 
ized sequence of a point x, if 6, is equal to zero outside the interval (x, — 
En, X) + &,), Where e, for »—+o approaches zero, while 


| ss(xde =1. 


Obviously then, {6,} is a weakly convergent sequence. The limit element 
of the sequence {6,} will be called the 6 function of the point x. 

If in the case of weak convergence the limit element uw is formed by a 
sequence {un} obtained from the class of functions u,, the integral of the 
product of a function f(x) with the element wu is defined by 

| flsuds = lim | femtnde. 


@ he, 


Obviously, the equation 


\y (x)d(xo, x)dx = f (Xo) 


az 


holds for the 6 function of the point x. 

This relation is often used also in the definition of the 6 function. 
2. Development of the 6 function in a Fourier series. The 6 function can also 
be defined as the limit element of another series when this, in the sense of 
a weak convergence of the above given sequence {6,(x)}, is equivalent to the 
locally normalized functions of the point x,. 

We consider the sequence of functions defined in the interval (— /,/) by 


On(Xo, Xx) = Js +— 3 (cos ao . cos Tx + sin aa Xx. sin nx) 





1 
l m=1 
1 Ls mn 
= oT + T 2,608 i (x — Xo) (3-5.55) 
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or, in complex representation 


Bal, Xo) = ES ems ema), (3-5.55') 
21 =n 
Obviously then, for each function g(x) which can be developed in a 
Fourier series, the relation 


n-09 


lim | bn(Xo, x)g(x)dx = g(x) (3-5.56) 
-1 


holds, which shows that in this class of functions {g(x)} the above-introduced 
sequence {dn(%o, x)} in the sense of weak convergence is equivalent to the 
sequence {6,(x), x)}. Further, 


8(xo, x) ag > 7 cos Z(x, — x), (3-5.57) 


2! 
when this expression is understood in the sense of the above explained weak 
convergence; and in the same sense the relation 


6(%, x) = ES valz)pn( to) (3-5.58) 


holds, where {¢,(x)} is a complete orthonormal system in the interval (a, b); 
similarly 


1 


6(Xo, xX) =o 


E ekg = =\"cos h(x — x)dh. (3-5.59) 
= x Jo 

We shall now show that for the calculation of the integrals which con- 
tain the 6 function, the series (3-5.57) can be used and can be integrated 
term by term. To this end we consider a function g(x) which can be developed 
in a Fourier series, and the integral 


ae aes 
=I 


Here if we introduce, in place of d(x), x), the expression from (3-5.57) 
and integrate the series term by term, we obtain 


g(x) = 2 + y (a cos age + Om Sin am x) (3-5.59’) 
m=1 
with 
fe 1¢¢ 
Jo =| 9(X_)dXp 
b Jar 
= i mm 
gn = + g(x) Cos x0 Xe (3-5.60) 
—l 
aS Lf! _ xm 
gm =+| 90) sin 7 kod xo ‘ 


By comparison of (3-5.59) with 
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Ll 
| A(x, x )g(x)dx = g(x), —-l<xm<l 
—l 


we recognize that the above-executed term-by-term integration of the series 
for the 6 function leads to a correct result. 

Therefore, in the class of functions developable in a Fourier series, the 
sequence of partial sums 


1 


k 
Ri eilxnt)(z-2!) 
2l ay 
is equivalent to the locally normalized sequence {6,}. 
Other representations of the 6 function are based on the use of a certain 
sequence of functions which in the sense of weak convergence is equivalent 
to the sequence {4,}. 


3. Use of the 6 function in the construction of the Green’s function. We con- 
sider the following problem: 


Ur = Us: (3-5.61) 
u(x, 0) = v(x) (3-5.62) 
u(0,t)=—x2,t)=0. (3-5.63) 


Here a prescribed function g(x) corresponds to a uniquely determined solution 
u(x, t) = L[{y(x)] 
of the problem. We assume that the operator L can be represented in the 
form 
t 
u(x, t) = L(x) = | G(x, &, t)p(Edé (3-5.64) 
0 
where G(x, &, t) is the kernel of the operator L. 
For the determination of G(x, &, f) we set 
g(x) = d(x — Xo). (3-5.62’) 


If in formula (3-5.64) the initial function ¢{x) is replaced by the 6 function, 
the result is 


u(x, t) = G(x, xo, t), (3-5.65) 


i.e., G(x, %, t) is the solution of (3-5.61) with the initial condition (3-5.62). 
We now write the 6 function in the form of a Fourier series: 





The kernel G must then obviously be of the form 


Gx, x0, t) = 3 Aslt) sin, (3-5.66) 


where each summand must satisfy the heat-conduction equation. Hence there 
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follows 
Att) = Boe res, 


From the initial condition there also follows 


Ee | 
B, = — sin —x). 
7 1 


Therefore we arrive formally at the following expression for the kernel G, 


ne (3-5.67) 


Gi4.x%0. = = de —tenfP0t coy was sin ; 


This agrees with the representation of the Green's function given in Section 
5-3. The solution of the problem (3-5.61)-(3-5.63) is given by the formula 
(3-5.64), where G(x, x), #) is the function defined by (3-5.67). 

In a similar manner, we can arrive at an expression for the Green's func- 
tion for an infinite straight line. The function G is defined here by the 
conditions 


Goaeig =; —-o<r< 0 (3-5.68) 
u(x, 0) = g(x) = d(x — xa). (3-5.69) 


Since here the 6 function should be defined by a Fourier integral 


d(x — x) = 7 \"cos Ax — x)d2, 
0 


Tw 


we make for G(x, x», ¢t) the Ansatz 


G(x, x,t) = =|, ano cos a(x — xy)d2. (3-5.70) 
KX Jo 


From Eq. (3-5.68) we then find 
Axtt) = Aen? (35.71) 
If we set ¢=0, then we obtain 
= 
by comparison of formulas (3-5.69) and (3-53.71). 


Consequently, 


G(x, Xo, f) ace cos a(x — xo)d2. 


Zz Jo 


a 


The calculation of these integrals as carried out in Chapter 3, Section 3, gave 


Gai tort) = — Fg tanita : 


2V xa°t 


Hence it follows that the solution of the problem of the propagation of an 
initial temperature on an infinite straight line must be representable by the 


formula 
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u(x, t) = \" Glx, & Nelédé (3-5.72) 


Under which conditions the formulas derived by use of the 6 function are 
valid, is a question that must be investigated separately. 
As an example, we shall now treat the inhomogeneous equation 


ey = ix + ao : (3-5.73) 
Pp 


In this case F(x, t) is the density distribution of the heat sources. If at the 
point x =&, at time ¢=4,, a momentary heat source of intensity G, exists, 
then 


F(x, t) = Q,d(« — €)d(t — ty). (3-5.74) 


Therefore, we must find the solution of the inhomogeneous equation 





ty = Atta, + os O(x — €)6(t — th) , t,>0 (3-5.75) 
p 


with the homogeneous initial condition 
u(x,0)=0. 
Thus, by consideration of the integral representation 
(x — &) = + \-cos A(x — E)da 
T Jo 
for the function u(x, t), we make the Ansatz 
u(x,t) = =a AO cos A(x — &)d2. 
m Jo 


If we put this expression into Eq. (3-5.75), we obtain for w(t) the equation 


wa(t) + Vaud (t) = Qo 
cp 





O(f — to) 


with the initial condition 
u(0) =0. 
Now, as is known, the solution of the inhomogeneous equation 
wtau=f(t),  u0)=0 


has the form 


u(t) = (error dr. (3-5.76) 


0 


In our case, however, 


ita(t) a Sa [lesen = to)dt = 0 ae fond <0 3-5.77 
Cp Jo Qo a A“ (t-to) for i> fe: ( -9.77) 
Cp 
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Therefore, 





u(x, t) = Qo a A alee cos a(x — &)da = Mo G(x, & t— to), 
Co & jo Co 


where 


1 2,, 2 
G ,&t—t)= ee /4a°(t—to) 
(x § o) 21/ nat — to) = ty) 


represents the Green’s function. Similar methods for the construction of the 
Green’s function have often been used in theoretical physics.” 


73 A detailed investigation of the theory of the 5 function and a number of examples 
of application of the 6 function are found in D.D. Ivanenko and A. A. Sokolov, Classical 
Field Theory, (trans. from Russian), Berlin, 1953, Ch. I. 
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ELLIPTIC DIFFERENTIAL EQUATIONS 


The investigation of different stationary physical processes (vibrations, 
heat conduction, diffusion, etc.) usually leads to elliptic equations. Very often 
Laplace’s differential equation occurs: 


4u=0. 


A function z# is said to be harmonic in a region T if in this region the 
function and its derivatives up to the second order are continuous and satisfy 
Laplace’s equation. 

For the investigation of the properties of harmonic functions, different 
mathematical methods have been constructed which can be successfully ap- 
plied to hyperbolic and parabolic differential equations. 


4-1. PROBLEMS WHICH LEAD TO LAPLACE’S DIFFERENTIAL EQUA- 
TION 


1. Formulation of the boundary-value problem for stationary 
heat fields 


It was shown in Chapter 3 that the temperature of a nonstationary heat 
field satisfies the differential equation 


2 
u=a du, a=, 


If a stationary process occurs, then a stationary heat field also occurs, so 
that the temperature distribution is constant in time; thus it is only a func- 
tion of position u(x, y, z). Consequently, in this case it satisfies Laplace's 
equation 


4u=0. (4-1.1) 


If heat sources are present, however, the equation 
4u=—f, foe (4-1.2) 


results, where F is the density of the heat sources and & is the coefficient 
of heat conductivity. The inhomogeneous Laplace Eq. (4-1.2) is usually called 
the Poisson differential equation. 
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We consider now a region T of space which is bounded by a surface 2. 
The problem of the stationary temperature distribution w(x, y, z) in the interior 
of the body T reads as follows: 
Determine a function u(x, y, z) which in the interior of T satisfies the 
differential equation 


du = — f(x, v, z) (4-1.2) 


and one of the following boundary conditions: 
first boundary-value problem: u=f, on » 


second boundary-value problem: = H ha on ¥ 


third boundary-value problem: a + h(u — fs) = 9 on Ss. 


Here f/f, fo, fs, h are given functions and 6u/dn is the derivative in the direc- 
tion of the exterior normal to the surface ¥.” 

The physical significance of these boundary conditions is clear (see Sec- 
tion 3-1). The first boundary-value problem for Laplace’s equation is usually 
called the Dirichlet problem; the second is called the Neumann problem. If 
we are dealing with the solution of a problem ina region 7, which lies out- 


side of the surface 2, then one speaks of an exterior boundary-value problem. 


2. Irrotational fluid motion (potential flow); the potential of a 
stationary flow and of an electrostatic field 


As a second example, we now treat the potential flow of a source-free 
fluid. In the interior of a region of space T with the boundary S% a stationary 
flow of an incompressible fluid (with density p = const.) moves with the velo- 
city v(x, y, z). If the fluid motion is irrotational then the velocity v has a 
potential, i.e., a scalar function ¢ exists such that 


v = — gradg (4-1.3) 


or in terms of components 


eae nae, v= 2. 
z 


In a curl-free fluid motion, therefore, the three velocity components can be 
derived from a single function 9(x, y, z), which is called the velocity potential 
of the motion in question. If the flow is source-free throughout, then 


divv=0. (4-1.4) 


76 Obviously a stationary temperature distribution can occur only when the total heat 
flow through the boundary of the region is equal to zero. Consequently, the function 
fe must still satisfy the auxiliary requirement 


= 


( fede =0. 
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If we introduce the expression (4-1.3) for v then we obtain 
div grad gy = 0 
or 
4g =0, (4-1.5) 


i.e., the velocity potential satisfies Laplace’s differential equation. 

In a homogeneous conducting medium, let a stationary electrical current 
flow whose spatial density is j(x, y, z). If there are no spatial current sources 
in the medium, then 


divj =0. (4-1.6) 
The electrical field strength E is determined by the current density, that is, 


according to Ohm’s law 


E-+ (4-1.7) 


where 2 is the conductivity of the medium. Since now the process is stationary, 
the curl-free electrical field must be a potential field,” i.e., a scalar function 
g(x, y, z2) exists such that 


E=-—grad¢. (4-1.8) 
From this we obtain by consideration of (4-1.6) and (4-1.7) the relation 
4o=0, (4-1.9) 


i.e., the potential of the electric field of a stationary flow satisfies Laplace’s 
differential equation. 

We consider further an electrical field generated by stationary charges. 
Because of the time independence, 


rot k=0 (4-1.10) 
also follows here, i.e., the field is a potential field, hence 
E= -— grad¢. (4-1.8) 


Now let o(x, y, z) be a spatial charge density in a medium whose dielectric 
constant ¢« is equal to one. Then, according to a known law of electrodynamics, 


| | EndS = 4x Ee: = del |ras, (4-1.11) 
S Tv 


where T is the region of space considered, S is the boundary and Ye; is the 
sum of all the charges in the interior of T. By Green’s theorem 


| | Eds = \\ [aiv Edt (4-1.12) 
Ss T 


we obtain 


77 From the second Maxwell equation (y/c)H = — rot E, it follows that rot E = 0. 
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div BE =4zp. 
If we substitute the expression (4-1.8) for E, it follows that 
Ay = —Azp, (4-1.13) 


i.e., the electrostatic potential y satisfies the Poisson differential equation. 
If, however, no spatial charges exist (po = 0), then ¢ satisfies the Laplace equa- 
tion 

4g =0. 


The basic boundary-value problems for the processes considered correspond 
to the three types given above. We shall not consider here other boundary- 
value problems which also are important for the description of definite physi- 
cal processes. One of these problems is discussed in Section 4-7. 


3. Orthogonal transformation of the Laplace differential expres- 
sion in curvilinear coordinates 


In our further investigations, we shall consider a new orthogonal curvi- 
linear coordinate system defined by the unique reversible and continuous dif- 
ferentiable transformation . 


X= 91(41, 925493), Y = $2191, 92,93), 2= G3lGi, G2, Qs), (4-1.14) 


rather than use the rectilinear coordinates x, y, z. The new orthogonal curvi- 
linear coordinate system is denoted by 


a=flxty,2z), G2 =Sflx,y, 2), Gs = Sax, y, 2). (4-1.15) 


If we set q,=Ci, @ = Cr, qd; = C3, where C,,C,,C,; are constants, we 
obtain the three families of coordinate surfaces 


Silx, y, zj=C,, f(x, y, z)=C, 
and 


Fil x, J, z)=C, . (4-1.16) 
D Now we consider an element of volume in 


the new coordinates 4q,, 42,93, Which are 
bounded by three pairs of these coordinate 
surfaces (Figure 44). Hence q, = const., q3 = 
const. along AB, q, = const., g@, = const. along 
AD, and q, = const., g3 = const. along AC. The 
FIG. 44. direction cosines of the tangents at the edges 
AB, AD, and AC are then proportional to 


A H,dq, 8 


Og, Ifo Ops 
aq,’ aq, ° aq,’ 
apr Of, Oa 
042 , 0q2 : 042 . 
ogy Ope Ops 


005” aq; ° 0q3 
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Therefore, the orthogonality conditions for the edges of the elements of the 
volume can be written in the form 


0g, ay, OL, OY, AQ; O04 . 
ome yg ee Sg Os OPQ), teh, 4-1.17 
0qi Odz = 9q: Oqe Ogi Oqx : ( 


The line element of a curve in the new coordinates is given by 





ds =dxtt+dy+dz2= (fe Dee as LO dq: ) 
2 





aq oq 093 
Ops Op. ea 
+({—d d d 
ea as 042 a 043 a) 
2 
+ (Bidq, + dg, + 2 da.) (41.18) 
aq, aq2 0g; 


If we expand the parentheses and use the orthogonality conditions (4-1.17), 
we obtain 




















ds’ = Hidqi + Hidq: + Hida , (4-1.19) 
where 
a0,\2. /de,\2 . (ay, \? 
eG Ga G.) 
‘ aq: an aq, 
2 
Hi = (22) a Gey te) (4-1.20) 
042 042 042 
a0,\? , (dg.\? , (aga \? 
Hea) Pla a) 
Aas qs aqs 


Only one coordinate changes along each edge of the element of volume. The 
lengths of these edges are therefore given according to (4-1.19) 


ds, => H,dq., dS, = H.dqz, dS, = H;dqs . (4-1.21) 
so that a volume element equals 
dv = ds, ds.d5s4 = H,H.H, dq.dq.dq; . (4-1.22) 


Given a vector field A(x, y, z), then by a known formula of vector analysis 


| |A.as 
div A =lim “*—— 


Vy 0 Um 


(4-1.23) 


, 


where S is the boundary of a spatial region vy which contains the point M, 
and A, is the component of the vector A in the direction of the exterior 
normal. When we apply this formula to the element of volume dv represented 
in Figure 44, we can calculate the divergence of the field vector A. 

Next, the difference of the flux through two opposite boundary surfaces, 
for example, through the left and right, by use of the mean-value theorem, 
can be written in the form 


Q, = Aidsids; la,+dq, — A, ds.dsy la, - 
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Now from (4-1.21) we obtain 


Q, = [H.HA, lo,+d9, — H,H,A, lo,]dq2dq5 = in (H,H;,A;)dqidq.dqs . 
1 


(4-1.24) 


In a similar way, we find for the other pairs of bounding surfaces the net 
flux: 








a= 2 (HsH,A:)dq,dqzdqs (4-1.25) 
2 

Os 2 (HiHzAs) dq: dq daa - (4-1.26) 
3 


Now if we substitute in formula (4-1.23) the value 
| |AndS = @, HOG; 
Ss 


and use (4-1.22), we obtain for the divergence, in the orthogonal curvilinear 
coordinates, the expression 

















div A = = ra Ee (HoH,Ay) + Fe (HoH As) # - (HHA, | _ (41.27) 
If we assume that A has a potential, i.e., 
A = gradu, (4-1.28) 
then 
ee ge? Saag 


If these expressions for A,, A;, and A; are substituted in (4-1.27), then 
Laplace’s differential equation becomes 


du = div gradu 
1 (2 (Eo) a (iat oe) 4 2 (Hi fey) (4-1.30) 




















= MHA oq: Ay aq 0q2 \ Hz 9q2 0g3 Hy 04s 
Laplace’s differential equation 4% =0 therefore has the form 
ips Nf (EE yp (ELH) 0 (A i) 
AAA, Og \ Ai aq, 0q2\ Hz 4g2 dq; \ Hs 0s 
(4-1.31) 


in the orthogonal curvilinear coordinates q:, G2, Qs. 

We shall now consider two special cases. 
1. Spherical coordinates. In this case q,=7, gq. = 6, and g,=y. The trans- 
formation formula (4-1.15) therefore assumes the form 


x=rsin@cosg, y=rsin@sing, z=rcosé. 


The line element is defined by 
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Al. 
ds’ = (sin 0 cos gdr + rcos 0 cos dé — rsin@ sin gdg)’ 
+(sinésingdr + rcos@singdé + rsin@cos yd)’ + (cosddr — rsinédé)’ 


where, after simplification 
ds = dr’ + 7'd0’?+7’sin’ Ody’ , 




















es, 
A,=1, Ay,=r, H,=rsin#ég. 
By substituting these values for H,, H., H; in (4-1.31) we arrive at Laplace’s 
differential equation in spherical coordinates: 
7 : | 2(“ sing a) + 2 (sina 2) (sa on \|=0 
ry sind Lér or 00 00 6g \sin®@ dg 
or finally 
a 4 A A a2 
sc oe J (sino ah eS. 2) 
Y Or or ry sin@ 60 00 ry sin’ 8 d¢ 
2. Cylindrical coordinates. Here q: = pe, G2 = ¥, Qs = 25 
x = pcos¢, y=psing, zZ=2;3 
thus 
A,=1, H.z=p, H;=1. 
Therefore Laplace’s differential equation in cylindrical coordinates has the 
oui eu 
tae (4-1.33) 





mm 
CZ 


a2 
p° dy 


form 
)3 


1 al Ou 

eam be ae 

p op \" ap 

In particular, if the sought function 2 does not depend on z as in plane 
(4-1.34) 





potential flow, then Eq. (4-1.33) simplifies to 
1 a ou 1 au 

(034) + 43 7 =0. 

ep op\" Gp p op 

Some particular solutions of Laplace’s differential equation 


4. 
Of great interest are the spherically and cylindrically symmetric solutions 
of Laplace’s differential equation, that is, those which depend only on the 


variables ry and p, respectively. 


The spherically symmetric solutions u = U(r) of Laplace’s equation are 
defined by the ordinary differential equation 
sa a 


(7 
dr dr 


whose general integral is given by 
Ci + C, , 
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where C, and C, are arbitrary constants. For example, if we set C,=1, 
C, = 0, then we find the function 


oh ro (4-1.35) 


which is often denoted as the fundamental solution of the three-dimensional 
Laplace differential equation. 
In a similar way, by setting 


u= Up) 


and by use of (4-1.33) or (4-1.34), we find the general form of the cylindrically 
or circularly symmetric solutions (in the case of two-dimensional problems): 


Up)=Cilnp+C,. 


For C, =—1 and C, =0 we obtain the function 


(ee (4-1.36) 
Pp 
which is also often called the fundamental solution of the two-dimensional 
Laplace differential equation. . 


The function U, = l/r satisfies the equation du =0 throughout with the 
exception of the point 7 = 0, where it becomes infinite. To within a constant 
factor it coincides with the potential due to a charge e placed at the origin 
of the coordinates; the potential of this field is actually 


ie 
r 

The function Inl/p satisfies Laplace’s differential equation throughout with 

the exception of the point p = 0, at which it becomes logarithmically infinite. 

To within a factor it agrees with the potential of an infinitely long wire (see 

Section 4-5 §2), whose potential is given by 


u= 2e, ee 
p 


where é, is the charge densitv per unit of length. This function plays an 
important role in the theory of harmonic functions. 


5. Harmonic and analytic functions of a complex variable 


A very general method for the solution of two-dimensional problems for 
Laplace's differential equation results if one employs the theory of functions 


of a complex variable. 
Let 


w= f(z) = u(x, y) + iv(x, y) 


be a function of the complex variable z = x + zy; let u and v be real functions 
of the variables x and y. Of particular interest are the so-called analytic 
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functions for which the derivative 


dw = lim 4” = lim 72 + Az) — f(z) 
dz 470 Az 4z--0 Az 

exists. The increments 4z = 4x + idy can approach zero in an arbitrary man- 

ner. In general, each of the paths by which 4z approaches zero corresponds 

to a definite limit value. If w= f(z) is an analytic function, the limit 

value lim 4f/dz = f'(z) is independent of the choice of path. In this case, the 


limit value is unique. 

A function w= f(z) is analytic if the partial derivatives w,, uy, Us, Vy 
exist and are continuous, and provided, moreover, that the real part u(x, y) 
and the imaginary part v(x, y) satisfy the Cauchy-Riemann differential equa- 
tions 

Uy = Vy 


nena ae (4-1.37) 

These conditions are necessary and sufficient. We can derive them as fol- 
lows: 

Let w=u-+iv = f(z) be an analytic function. If we calculate the deriva- 
tives 


x 


; aw(z dw 
biel OU), os 
Zz 





a dz 
Wy =uUyt tv = we) 24 ia 


and require that the value of dw/dz coincide with both expressions, then it 
follows that 


aw 


uy + 1, = Vy — tty = dz’ 


from which the Cauchy-Riemann differential equations result directly. We 
shall not prove here that this is also sufficient. 

In the theory of functions it is shown that every analytic function defined 
in a region G of the z plane has derivatives of all orders and can be developed 
in a power series. In particular, for each such function, the real part u(x, y) 
and the imaginary part v(x, y) are twice continuously differentiable with respect 
to x and y. 

By differentiation of the first expression of (4-1.37) with respect to x and 
the second with respect to y we obtain 


sx + Uyy = 0 or 4u=0. 
Correspondingly, by reversing the scheme of differentiation we obtain 
Vrx + Vy =O or 4.v=0. 


The real and imaginary parts of an analytic function therefore satisfy 
Laplace’s differential equation. Two functions w and v which satisfy the 
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Cauchy-Riemann differential equations are said to be harmonic conjugate func- 
tions of each other. 
We consider now the transformation 


x=x(u,v) u= u(x, 9) \ (4-1.38) 
y=yu,v)  v=vx, y). 


This maps a region G of the x, y plane onto a region G’ of the w, v plane 
such that each point of G uniquely corresponds to a point of G’, and con- 
versely. 
Now let 
U = U(x, y) 


be a real, twice continuously differentiable function which is defined in the 
interior of the region G. 

We shall investigate how the Laplace operator behaves under the trans- 
formation U = U[x(u, v), y(u, v)] = U(u, v). Tothis end we first calculate the 
derivatives 

U, = Usus + Uns, U, = Oyu, + Usvy 
Ui. = Tuy + Oyv? + QU ays + Utes + Odes 
Us, = gil + Uw; + 20 wvttyd, + Uyttyy + Uyvyy 
from which we obtain 


Usx + Uyy = Oulu + 05) + Uelvs + 05) 
+ 2U,,(usv, + Uydy) + Uultice + Uyy) + Uo(vex + vyy) . (4-1.39) 
Now if « and v are harmonic functions conjugate to each other, then the 
transformation (4-1.38) is equivalent to those transformations which are brought 
about by the analytic function 
w= f(z)=urtinv, z=x4+1y. (4-1.40) 
In this case, then, because of the Cauchy-Riemann differential equations 
for # and v, the expression 
ut wy=u tv =o t ou =l f(z) i 
u,v, + Uv, = 90 
must be satisfied. Therefore from (4-1.39) we obtain 
On: aa Uyy = (Un + Uv) | f’(z) |’ (4-1.41) 
or 


1 


aod ee 4-1.41/ 
Biol aeaad ee 


Au, .U = 
By the transformation (4-1.40), the harmonic function U(x, y) in the region G 


is transformed into the harmonic function U = U(u, v) in the region G’ 
provided | f’(z) |? #0. 


4-1. PROBLEMS WHICH LEAD TO LAPLACE'S DIFFERENTIAL EQUATION 251 


6. Transformation by reciprocal radii 


In the investigation of the properties of harmonic functions one often 
uses the transformation of reciprocal radii. By a transformation of reciprocal 
radii of a sphere of radius @ we mean a transformation with the following 
properties: 

1. To each point M there corresponds a point M’ which lies on the same 
straight line drawn from the origin of the coordinates through the point M. 

2. The radius vector r’ of the point M’ is related to the radius vector 
r of the point M by the expression 


2 
rr=a or ya. (4-1.42) 
r 


In the following, we shall assume @ = 1, which is always possible by a suit- 
able choice of the unit of length. 

We shall now show that a harmonic function u(p, ) of two independent 
variables is transformed by a transformation of reciprocal radii into a harmonic 
function 


v(o', g) = u(p, ¢) with p= : (4-1.43) 


The function u(p, g) and, therefore, the function v(1/p, y), considered as 
functions of the variables p and 9, satisfy the differential equation 


2 
0 Ap ptt = a ( =) + @ = = 0 








Pap \? ap Op 
and 
PLp.od = 5 ( +) + x =0. 
From this, by passage to the variables p’ and g, it follows that 
av _ _av_sa’ 1 Ov 
Pap ap’ ap dp" ’ 


ie., v(p’, y) satisfies the equation 4,-,,v = 0, since 


a dv av 
Ap: ,gv = e'ser (e's) a eg 0. 





We proceed now to functions of three variables and show that 
v(r', 0, v) = ru(r, 0, ¢) (7 = =) (4-1.44) 


satisfies Laplace’s differential equation 4,60 =0. If u(r, 0, g) isa harmonic 
function of the variables r, 0, 9, then 4,,¢,.¢ =0 is valid. 

The transformation (4-1.44) is called the Kelvin transformation. 

Next, we can show by differentiation that the first summand of Laplace’s 
differential expression assumes the form 
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eC ae a) Gu, 2 ou _ 1 aru) 4-1.45 
ry’ ar (- or ar = r or r or ° ae 
Consequently, 
a(ru) 1 1 6.7% zu) 1 Z| 
ppp OO BN aig a 0 
a ama ala lao a0 (sin a0) + sin?0 ag" 
or 





av 1 1 @/... ,4v 1 av 
rte Fez a0 (sin a + sin'@ = | 
Now, however, 


dv avs ar' es yi Oe 
Or ar’ ar ar’ ’ 





so that v satisfies Laplace’s differential equation 4,-6,v =0 since 
n Oo fe =.) al 1 = (si a) 1 a 
ey ale —(sino— =0 
” ar (r ar)” |sing ao on’ ag) * Sinte ay” 


1 *Ay 6,90 = 0. 











or 
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In the present discussion we give a description of the integral of harmonic 
functions which will prove to be an important aid in the investigation of its 
general properties. One of the important consequences of this integral repre- 
sentation is the principle of the maximum which we shall use many times— 
for example, for the proof of uniqueness, as well as for the solution of boundary- 
value problems. Further in the subsequent paragraphs the interior and ex- 
terior boundary-value problems for Laplace’s differential equation will be 
formulated. Finally we shall prove the uniqueness theorem and the continu- 
ous dependence of the solutions on the auxiliary conditions (the stability). 


1. Green's integral formulas; integral representation of the 
solution 


In the treatment of elliptic differential equations we shall often use Green’s 
formula, which can be shown to be a direct consequence of the formula of 
Ostrogradski. 

In the simplest case this formula has the form 


\\ | Graedyae = | | Reos de: (4-2.1) 
pr) 2 £ 


where T is a definite region of space bounded by a sufficiently smooth surface 
+; furthermore, R(x, y, z) is an arbitrary function which is continuous in 
T + X¥ and which in T possesses continuous partial derivatives; 7 is the angle 
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between the z axis and the exterior normal to the surface ¥. The correct- 
ness of this formula is obtained by integration with respect to z. Ordinarily 
we write the Ostrogradski formula‘ in the form 





\\ \(40+ oe + 5) ae =| | (Pos a +QcosB+ Reosy}da, (4-2.2) 
r\\ 6x ay 0z r 
. rN rN rN 

where dz = dxdydz is the element of volume, and a = (nx), 8B = (ny), 7 = (nz) 
are the angles between the exterior normal u to the surface ¥ and the 
coordinate axes; P, Q, and R are arbitrary differentiable functions.” 

If we denote P, Q, R as components of a vector A = Pi+ Qj + Rk, then 
the Ostrogradski formula can also be written as follows 


\\ [div Ade = | | Ando, (4-2.2') 
T Px 
where 
diva =2P , #2 , OR 
a ay éz ’ 
and 


A,= Pcosa+Qcos8+ Reosy 


denotes the component of the vector A in the direction of the exterior normal. 

We proceed now to the derivation of Green’s formulas. 

Let wu = u(x, y, z) and v = v(x, y, z) be two functions which including their 
first derivatives are continuous in 7 + ¥ and which in T possess continuous 
second derivatives. 

If we set 


then by the use of the Ostrogradski formula we obtain the so-called first 
Green’s formula 


\\ |udvaz = | [uz ao — || \Gear aya (4-23) 
r x) On p)\Ox 6x Oy ay Gz 6z 


where 4 = @’/ax* + @&/ay’ + @/éz" is the Laplace operator, and 


A 


= cos a + cos Ae + cos ge 
Ox ay OZ 


>| 
2 | a 


is the derivative in the direction of the exterior normal. 
By use of the relation 


78 In the following, it is always assumed that the Ostrogradski formula is applicable 
in the region considered. 

t Editor’s note: In the English literature the formulas of Ostrogradski and Green 
are identical. 
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ou dv  oudv . Ou dv 


du grad v = pu-pu — 2 2 4 94 av , Ou a 
Sua okey em ae. apiag "ae oe" 


Green’s formula can also be represented in the form 


\| [sav ae = \\ |ru-ro dc +| [uf ae. (4-2.3') 
Tv T I on 
By interchanging the roles of uw and v there follows 
\\ |vdude = =\\ \rv-rude + | [oe do (4-2.4) 
T id z on 


If now we subtract the identity (4-2.4) from (4-2.3’), we obtain the second 
Green’s formula 


\\ [lado <pAndes AG = 0 \do (4-2.5) 


The region T can be bounded by several surfaces. Green’s formulas also 
remain applicable in this case in which the surface integral is extended over 
all surfaces which bound the region T. 

As we have already seen (Section 4-1 § 4), the function U,(M) = 1/r, where 
r= V(x — x)? + (vy — 9)? + (z — 2)? is the distance between the points M(x, y, z) 
and M,(xo, ¥o, 20), satisfies Laplace’s differential equation. 

Now let «(M) be a harmonic function which including its first derivatives 
is continuous in 7 + 2 and which in T possesses a second derivative. Fur- 
ther, let us consider the function v = 
l/ruu,, where M, is any interior point 
of T. Since this function in T possesses a 
point of discontinuity at Mo(xo, yo, Zo) the 
second Green’s formula in T cannot be 
applied directly to the functions # and v. 
However, v=I1/rux, is bounded in 
T — kK, with the boundary ¥ + 3., where 
Ke is a sphere of radius «, with center 
at M, and surface 3, (Figure 45). 

Now if we apply the second Green’s 
formula (4-2.5) to the functions #« and v 
in T — K, then we obtain 


\\\ (wat du) ae = | \eZ(F)-+ Bae 
T-Ke r r ay on \r yr on 
(1 1 ou 
: \,\ aa (>) 7 lle on a 


On the right side of this relation the last two integrals depend only on e. 
For the derivative in the direction of the exterior normal to ©, we find 


2-(=) =-2(-) 
mae zs  or\r 





(4-2.6) 








r=e €& 
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‘Therefore, 


| jus (—)de — =| [ude = a Ane’u*® = 4ru™ ; (4-2.7) 
ba Y € Ze € 


where z* is a suitable average value of u(M) on Se. Further, the third in- 
tegral can be transformed as follows 


a \ * 
(1m r=4| [24 de = 4 tnet(24) = 4ne(S*) , (42.8) 
re) 7% On e Jr,J On é on an 


where (@u/dn)* is a suitable average value of the normal derivative du/@n on 
Se. If we substitute the expression (4-2.7) and (4-2.8) into (4-2.6) and note 
that A(1/r) =0 in T— Ke, then 


INS asl eee = MDG) Se ee + te — SEY 


(4-2.9) 





Now if we let the radius e approach zero, we obtain: 


si < é . 7 Ke 
1. limu* = u(M,), since u(M) is a continuous function and x” is an average 
2-0 


value on the sphere of radius e with center point M,; 
2. lim 4ze(du/dn)* = 0, since from the continuity of the first derivatives 
e—0 


of u(M) in T, the boundedness of the normal derivative 


ou ou ou au 
an =, cosa + ay cos B + az cosy 


in the neighborhood of M, follows; 
3. according to the definition of an improper integral, 


vol (a) [I -ta)a 


The passage to the limite—0 therefore yields the fundamental formula of 
the theory of harmonic functions: 


dru(M) =~ \ {lr ( —) 1 ot dar — \\ | ae. (4-2.10) 
z On \Tuor Tmop On ryr 


If we apply formula (4-2.10) to a harmonic function u(M), (du =0), then 


we obtain 
uM) = =—| i] u # — 42 ( u ) |eer . (4-2.11) 


Yup On On \ rup 














Therefore, the value of a harmonic function at an arbitrary interior point 
M can be expressed in terms of its values and its normal derivative on the 
boundary of the region. Here we assume the continuity of the function u 
and its first derivatives in the closed region. We shall prove directly that 
each of the integrals 


| Jaw a aT beet u \P)dar (4-2.12) 
z Yup 


rjOnp \ rup 
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where uv and vy are continuous functions, represents a harmonic function. That 
is, since the integrands including their derivatives are continuous throughout 
with the exception of the boundary %, the derivatives of arbitrary order of 
(4-2.12) can be formed by differentiation under the integral signs. Moreover, 
since the functions 


1 0 ] ofl a/l afl 
d —_— ——~ — = [> —* — —_ — 
Yup ee me of ( r eos or on ( r )eos cas 0g ( r Jes ie 


satisfy Laplace’s differential equation with respect to the variable points 
M(x, y, 2), the functions (4-2.12) by the generalized superposition principle 
(see the lemma on page 63) similarly satisfy Laplace’s differential equation 
with respect to x, y, 2. 

Hence we arrive at an important conclusion: Every harmonic function, 
in the interior of the region in which it is harmonic, possesses derivatives 
of all orders.” Further we note that a harmonic function in a region T at 
each point M, in T is analytic (i.e., it can be developed in a power series). 
This assertion also results from the integral representation (4-2.11). 

Corresponding formulas hold also for harmonic functions of two independent 
variables. Let S be any region in the x, y plane and C its boundary curve. 
Further let » be the direction of the exterior normal (with respect to S) to 
thiscurve. Then if v=I1n(1/rm,p) is introduced where ru,p = V (x= Xo)? +(V— Vo)? 
is the distance from a point M, in the interior of S, then, by similar consid- 
erations as above, instead of (4-2.10) we arrive at the expression 


2nu(M,) = — | [ «2 (in-) a ee St | ase = | [int auas, (4-2.12') 
¢ Ss 


1 MoP Tu p On 





where M, is an arbitrary fixed point in the region S. 
For a harmonic function u(M) it follows that 


u(M;) = A [in ng-(in-) as (4-2.12") 
2x \c r on on r 


2. Some fundamental properties of harmonic functions 


Harmonic functions possess the following important properties: 
l. If v(M) is a harmonic function in a region YT which is bounded by 
the surface ¥, then 


| |r ZG. (4-2.13) 
AY 


where S$ is an arbitrary closed surface which lies entirely in the region T. 
If in the first Green’s formula (4-2.3) an arbitrary harmonic function v (dv=0) 
is introduced and w= 1 then formula (4-2.13) follows. From (4-2.13) we con- 


78 If for a function « which is harmonic in T the condition that it and its first de- 
rivatives are continuous on the boundary ¥ is not fulfilled, the theorem still remains 
valid. By this we mean that each point M is enclosed by a region, including its boundary, 
lying in the interior of T. 
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clude that the second boundary-value problem (4u = 0 in T, du/@n = fs) pos- 
sesses a solution only if 


| FeO: 
This property of a harmonic function can be interpreted as a condition that 
no sources exist in the region T. 

2. If «w(M) is a harmonic function ina region 7, and M, is a point lying 
in the interior of 7, then 





A he |. \udo (4-214) 


Ana’ 


where ¥, is aspherical surface with radius @ and center point M, which lies 
entirely in the region 7. This property is stated by the average-value theorem, 
which reads: 


Theorem. The value of a harmonic function at any point M, is equal to 
the average value of the function on an arbitrary spherical surface ©, with 
center at M,, provided ¥, lies entirely in the region in which u(M) is harmonic. 


For the proof of this proposition we apply formula (4-2.11) to a sphere 
K, with center M, and surface 3,: 


Aru(M,) = — | | uo (2 )-4 do 
Sq én \ r r on 


If we bear in mind that 


ces on S, and | \Gi de =0 
Y a x4) On 


~(-) -2(-) 
an\r/J/lse Or\r 


(the direction of the exterior normal to %, coincides with the direction of 
increasing radius) then we obtain 


as well as 


1 
a 








r=a 


1 
u(M,) = reed \uda » 


v 
“a 


which was to be proved.” 
For two independent variables the analogous theorem is valid: 


80 For the proof of this theorem we have used Eq. (4-2.13). This, however, assumes 
that the derivatives also exist on the spherical surface. If a function u(M), which is 
continuous in the closed region T+ 3, satisfies the equation 4u = 0 only for interior 
points of 7, then this conclusion would not be correct for a sphere ¥,, which borders 
the boundary ¥. However, if the theorem for each a < ap is true, then as a—> ap) we 
obtain 


u( Mo) = = | y [wanae. 
ag 


2 
mao 
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u(M,) = uds, (4-2.15) 


pl 
2na : 
where C, is a circle of radius @ about the center M. 

3. If a function w(M) is continuous and defined in a closed region T+ 
and satisfies Laplace’s differential equation 4z =0 in the interior of 7, then 
it assumes its maximum and its minimum on the boundary \ (principle of 
the maximum). 

If the function «(M) were to assume its maximum at an interior point 
M, in T, then uw, = u(M,) 2 u(M) for each M in T. 

Now enclose the point M, with a sphere of radius p whose surface ¥, 
lies entirely within 7. Since by hypothesis u(M,) is the maximum of the 
function «(M) in T+ 2, then w|s S u(M,). Therefore, by use of the average- 
value formula (4-2.14), provided that everywhere under the integral signs we 
replace u(M) by w(M,), we obtain 








u( My) = 


| |u(M) dow = a\ | uM) da = (Me). (4-2.16) 
s, 4zp 


4zp° 

Now if we assume that at least one point 4 exists on 2, such that the 
inequality u(M) < «(M,) is valid, then obviously in the last formula the in- 
equality sign must hold, which in turn implies a contradiction; consequently 
on the entire surface X, we must have u(M) = u(M,). 

If po is the minimal distance of the point M, from the boundary %,, 
then «(M) = u(M,) is also valid for points belonging to ¥,™. Hence, because 
of continuity, it also follows that at those points M* which belong to the 
intersection of ¥,™ and ¥ the relation u(M*) = u(M,) is valid. Therefore our 
theorem is proved; and the last conclusion shows that the maximum xz(M,) 
is assumed at least at one point on the boundary. 

It is easily seen that w(M) = u(M,) must be valid in the entire region 
when the region 7 is connected and if at least at one interior point M, the 
maximum is assumed. 

To demonstrate the above, we select another arbitrary point M® in T 
and connect it with M, by the polygonal line Z (Figure 46), whose length is 
designated by 7. Let ©, be the last current 
point of ZL through the spherical surface 
Ym. At this point, then, «(M,) = u(M,) is 
still valid. Now we enclose this point by 
the spherical surface *,”, where pr’ is the 
minimal distance of the point M, from the 
boundary. We obtain another such point 
M, as the last current point of L through 
the spherical surface 2’. By this procedure, 
we arrive after a finite number of steps 
(the number p of necessary steps is certainly 
not larger than 1/p'”’ if p‘”’ denotes the 
FIG. 46. minimum distance between L and %) at a 
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spherical surface which contains the point M‘”. From this it follows that 
u(M'°’) = u(M,). Because of the arbitrary choice of the point M and the 
continuity of u(M) in the closed region 7+ 2 we conclude that u(M) = u(M,) 
holds everywhere (including the boundary). Of all harmonic functions, there- 
fore, only the constant functions can assume their maximum at an interior 
point. 

The corresponding statement is also true for the minimum. 
Conclusion 1: 

If « and U are continuous in 7+ ¥% and are harmonic functions in T 
for which 

usU on ¥ 


then also uw < U holds at all points in the interior of T. 
The function U — uz is therefore continuous in T— S, harmonic in 7; hence 


U-u20 on ». 
Consequently, according to the principle of the maximum we must have 
U-u20 


at all points in the interior of T—precisely our assertion. 
Concluston 2: 

If « and U are continuous in the region T + Y and are harmonic functions 
in T for which 


|u| sU on J 
then also 
|u| <U 


at all points in the interior of T. 
From the above assumptions it follows that the three harmonic functions 
—U,u, and U satisfy the relation 


—UsusU ond. 
However, it follows by a twice-repeated application of Conclusion 1 that 
—-UsuswU 
at all points in the interior of 7, or 
[zl aU 


in the interior of T. 


3. Uniqueness and stability of the solution of the first boundary- 
value problem 


Let us consider a region T which is bounded by the surface ¥. Then 
the first boundary-value problem for Laplace’s differential equation in the 
region T reads as follows: 
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Determine a function # which 
(1) satisfies the equation Ju = 0 in the interior of the region T; 

(2) is defined and continuous in the closed region JT + 3, i.e., both in the 
interior as well as on the boundary. 
(3) on the boundary 2 assumes a prescribed value. 

Condition (1) requires that the sought function is harmonic in the interior 
of T. To require that the function also be harmonic on the boundary would 
result in additional limitations for the boundary values. This requirement 
is superfluous. On the other hand, continuity in the closed region (or any 
other corresponding condition) for the uniqueness of the solution is necessary. 
If we waive this requirement, then each such function, which in T is equal 
to a constant C and coincides on S with the prescribed function /, could be 
considered as a solution of the problem, since the conditions (1) and (2) would 
also be fulfilled. 

We now prove the uniqueness theorem: 


Theorem. The first interior boundary-value problem for Laplace’s differential 
equation is uniquely solvable. 


We assume that two different solutions uw, and u, exist which are continu- 
ous in the closed region 7 + 3, satisfy Laplace’s differential equation in the 
interior of TJ, and on the boundary 2 assume one and the same value /. 

Then the difference u = u, — uz, has the following properties: 

1. du =O in the interior of T. 
u is continuous in the closed region T + 2. 
3. u ls = 0. 

Consequently, u(M) represents a continuous and harmonic function in 
the interior of ZT which on the boundary is equal to zero. As is known, a 
continuous function assumes its maximum in aclosed region. Therefore we 
must have u=0. That is, if « #0 and for at least one point uw > 0, then uw 
must assume its maximum at an interior point of the region, which is impos- 
sible. In exactly the same way we show that w is never negative in T. 
Consequently, 


yy 


Ed 
Ii 
o 


We turn now to the proof of the continuous dependence of the solution 
of the first boundary-value problem on the boundary conditions. As stated 
previously, a problem is said to be determined physically if a small change 
in the conditions which determine the solution of the problem—in our case 
the boundary conditions—implies a small change in the solution itself, that 
is, ‘‘the solution is stable.’’ 

Let uw, and uw, be two functions which are continuous in 7 + £ and harmonic 
in the interior of T, for which the magnitude of the difference of the boundary 
values does not exceed ¢ > 0. Then throughout the region under considera- 
tion, 


u,—u,|Se. 
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This assertion follows directly from Conclusion 2 in the previous section, 
since U =e is a harmonic function. 

Therefore we have proved the continuous dependence of the solution on 
the boundary conditions and the unique solvability of the first interior boundary- 
value problem. 


4. Problems with discontinuous boundary conditions 


Often one has to deal with a first boundary-value problem with discon- 
tinuous boundary conditions. Naturally, a continuous function in the closed 
region cannot be a solution to this problem, and we must therefore modify 
the formulation of the first boundary-value problem accordingly. 

Let a piecewise continuous function f(P) be defined on a curve C which 
bounds a bounded region S. We seek a function u(M) with the following 
properties: 

l. wu(M) is harmonic in the interior of S. 

2. wu(M) continuously approaches the boundary values at all points where 
these are continuous. 

3. u(M) is bounded in the closed region $+ C. 

We note that the additional requirement of boundedness is essential only 
in the neighborhood of the points of discontinuity of f(P). Therefore, the 
following theorem holds: 


Theorem. The solution of the first boundary-value problem with piecewise 
continuous boundary conditions is uniquely determined. 
Let uw, and uw, be two solutions of the stated problem. Then we have for 
the difference v = uw, — ue: 
1. v is a harmonic function in the interior of S; 
2. v continuously approaches the value zero on the boundary with the excep- 
tion of the points of discontinuity of f(P) at which v can be discontinuous; 
3. vis bounded in $+ C; |u| <A. 
We now construct the harmonic function 
UM) =e 5 inZ., 
t=1 rs 
Here « denotes any positive number, D is the set theoretic diameter of the 
region S, and 7; is the distance of the zth point of discontinuity P; under 
consideration. The function U(M) is positive since all the summands are 
positive. 
Further we enclose each point of discontinuity P; with a circle A; of 
radius 6 and let 6 be sufficiently small so that each summand 


eln— 
‘i 


of the corresponding circle C; is larger than A, i.e., let eln D/5 > A. Then, 
in the closed region S = U Aj, v is continuous. 


= 
According to the principle of the maximum, U in this region is a majorant 
of v: 
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J}o(M){| = UUM). 
For a fixed point M in S, as «0 we obtain 


lim UUM) =0. 
2-0 


Therefore, 
w(M)=0, 


since v is independent of ¢; or 


which was to be proved. 


5. Isolated singularities 


We shall now investigate the singularities of a harmonic function. If P 
is an isolated singular point in a region in which the function uw is harmonic 
then two cases are possible: 

1. The harmonic function is bounded in the neighborhood of the point P. 
2. The harmonic function is unbounded in the neighborhood of the point P. 

We have already dealt with singularities of the second type (for example 
In l/r). The following theorem shows that singularities of the first type can- 
not occur: 

Theorem. ‘fa bounded function u(M) is harmonic in the interior of a region 
S with the exception of a point P, then u(M) at the point P can be defined 
such that the function u(M) is harmonic throughout S. 

For the proof of this theorem we choose a circle Ks of radius @ about 
the center point P, which lies entirely in S, and consider a harmonic func- 
tion vin the circle which coincides with the function w on the circumference 
Ce of the circle Ke.” 

The difference 

w=u-—v 
then has the following properties: 
1. With the exception of the point P, at which w is not defined at all, it is 
harmonic everywhere in Ka. 
2. It continuously approaches the boundary value zero on Cg. 
3. It is bounded in the closed region Ke + Ca, (|u| < A). 

As in the proof of the previous theorems (Section 4-2 § 4), we again con- 

struct the non-negative harmonic function 


UM)=eln=, 
r 


Here « denotes a positive number, a@ is the radius of the circle Ka, and 7 is 


81 The existence of such a function will be shown in Section 4-3. Its construction 
therefore does not depend on the theorem proved here. 
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the distance of the point M from the singularity P. Further we choose a 
circle As with center point P, whose radius 6 is such that on its circumference 
the value of U is larger than A. Then we consider the region Ka — Ks. 
The function w in the closed region 6 < r < a@ is continuous and on its boundary 
{w{<U. On the basis of the principle of the maximum, therefore, the posi- 
tive function U is a majorant of w: 


{w!<s UM) for 6srsa. 


Now if we fix any point M on Kes, which does not coincide with P, and let 
é approach zero, we obtain 


lim UM) =0, 
e—0 


thus 
w=0. 


Therefore, the function u, with the exception of the point P, coincides with 
the function v everywhere in the region S. Now if we set u(P) = v(P) then 
we arrive at the function “ =v, which is harmonic everywhere in S. There- 
fore our theorem is proved. 

Similarly, we proceed to the proof of the theorem for the three-dimen- 
sional case in which the function U(M) = 2(1/r —1/a) can be used as the 
majorant function. 

For the proof of this theorem we should assume that the function z 
remains bounded in the neighborhood of the point P. The proof also remains 
valid if instead of assuming the boundedness we assume only that the func- 
tion z#, in the neighborhood of the point P, satisfies the inequality 


Lan) apes (4-2.17) 


YPM 





where «(r) is an arbitrary function which as r—0 also approaches zero. This 
requirement indicates that u(M) in the neighborhood of P increases slower 
than log l/res. 

Therefore if the function #(M) is harmonic with the exception of a point 
P in a region S, where as M—- P it increases slower than log l/rey, then 
in the neighborhood of P, u(M) is bounded, and the value u(P) can be defined 
so that # is harmonic in the entire region S. 

This is also the case for three independent variables. If a harmonic 
function u(M) in the neighborhood of an isolated singular point P increases 
slower than l/r: 





One. SO FSO (4-2.18) 


Yup 


then it is bounded in the neighborhood of this point, and the value w(P) can 
be so defined that u(M) is also harmonic at the point P. 


6. Regularity of a harmonic function at infinity 


A harmonic function u(x, y, z) is said to be regular at infinity if for r= ry 
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the following conditions are fulfilled: 


tee we ay SE ee, ae cd (4-2.19) 
r Ox r oy r Oz r 




















The following theorem is valid: If a function #, outside of a closed 
surface ¥, is harmonic and as r— oo tends uniformly towards zero, then it 
is regular at infinity. 

The assertion that uw tends uniformly towards zero as r— co requires 
also that a function e*(r) exist such that 


|u(M)| <e(r), &(r) 70, roo, (4-2.20) 
where r denotes the radius vector of M. 
For the proof we use the Kelvin transformation 


u(r’, 0, ~) = ru(r, 0, 9) with ee 


The function v so obtained is then harmonic everywhere in the interior of 
the surface 5’, which arises by the transformation of reciprocal radii from 
2. An exception is the origin of coordinates at which v has an isolated 
singularity. “ss 

From the condition (4-2.20) it follows that in the neighborhood of the 
origin of coordinates the function v satisfies the inequality 


| o(r', 8, y)| Se" ()= =r) 
with 
er’) = *(5)0 for 7-0. 


Therefore, v(r’, 0, y), on the basis of the last theorem in Section 4-2 §5, 
is bounded and harmonic for 7’ = 1%’: 











lur',0,9)| SA for ¢r’snro, (4-2.21) 
from which it follows that 
i 
Fee ee ca 2 ec for Sys, 
r r Yo 
Since now for r’ = 0, v is harmonic, we can write: 
du(x,y,z)  Ofl i opn a 
ax =al5 u(x’, 2) 
_ x 1[ av ax’ avs Gy’ dv. Gz’ 
= aes r E Ox dy’ ax ms Gz’ ae aes) 
where 
gar, y=r, gh et 
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If we now calculate the derivatives dx'/dx, dy'/dx, d2'/ax and consider the 
boundedness of the first derivatives of v in the neighborhood of the point 
r' = 0, we find 


forro- om. 








Corresponding estimates are obtained for du/dy and du/dz. 


7. Exterior boundary-value problems; the uniqueness of the 
solution for two- and three- dimensional problems 


In the formulation of the exterior boundary-value problems we have to 
distinguish between two and three independent variables. 

We consider first the three-dimensional case. Let T be an unbounded 
region which can be bounded by a closed bounded surface ¥. The exterior 
first boundary-value problem then reads as follows: 

Determine a function u(x, y, z) which satisfies the following conditions: 
4du = 0 in the unbounded region T. 

uw is everywhere continuous, including on the surface &. 

u ls = f(x, y, z), where f is a prescribed function on %. 

u(M) tends uniformly to zero as M—> oo. 

A simple example will show that the last condition is essential for the 
uniqueness of the solution. To this end we consider the following problem: 
Determine a solution of the exterior boundary-value problem for a sphere 
Sz of radius R with a constant boundary condition 


OO. Roi 


u\|sz = const. = fo. 


If Condition 4 is dropped, then both the functions uw, = fy and #. = f,R/r as 
well as the functions 


u = att, + Bip with a+fP=1 


are admissible solutions of the problem. On the other hand we have the 
following theorem: 


Theorem. The exterior first boundary-value problem for the three-dimensional 
Laplace differential equation has a uniquely determined solution. 


If «,; and w, are two solutions which satisfy Conditions 1 to 4, then their 
difference u = u, — u, represents a solution which satisfies the corresponding 
homogeneous boundary condition. Since Condition 4 for the function zw is 
also fulfilled then for every ¢ > 0, an R* can be found such that 


|u(M)| <e for r= R*. 


If the point M lies ina region 7” (Figure 47), which lies between the surface 
Y and a sphere Sr (ry = R*), then obviously u(M) <e. This follows from the 
principle of the maximum applied to the region 7’. Since e can be chosen 
arbitrarily we conclude that w, in 7” as well as in the entire region 7, vanishes 
identically. Therefore we have demonstrated the unique solvability of the 
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exterior first boundary-value problem in the three-dimensional case. 
The exterior first boundary-value problem in the two-dimensional case 
reads as follows: 
Determine a function u(x, y) which satisfies the following conditions: 
1. du =O in the unbounded region S under consideration whose boundary 
forms a closed curve C. 
2. u is continuous everywhere and also on C. 
u lc = f(x, y), where f is a prescribed function on C. 
4. u(M) is bounded at infinity, i.e., a number N exists such that |u(M)| SN. 
Here the requirement that the solution is equal to 
zero at infinity would also be sufficient to prove that 
there could not be two distinct solutions. However, this 
would be too strong a requirement and in general the 
problem would not be solvable. 
The following theorem is valid: 


w 


Theorem. The exterior first boundary-value problem for 
FIG. 47. the two-dimensional Laplace differential equation has a 
uniquely determined solution. 


From the existence of two distinct solutions wu, and zw, it follows that 
their difference u = u, — uw, represents a solution of the first boundary-value 
problem with homogeneous boundary conditions. Further, because of Con- 
dition 4 we have 


ju) SN=N,+N,, 


where N, and N, are such that |u#,| 3 Ni, |u2| SN... We denote by 2, the 
complement of », so that 2 + 3, represents the entire plane. Further we 
select a point M, on %2,, and also a circle of radius R with center point 
M,, which lies entirely in 3, (Figure 48). Then 
the harmonic function In1/ry4, has no singularity 
in the region 2; the function In7yy,/R is positive 
in all of 2 and on C. 

Further, let Ce, be a circumference with radius 
R, and center point M, which entirely contains the 
curve C, and let 3X’ be the region bounded by C 
and Cr,. The function uz, defined by 





= In7/R : 
ur, = N72 ITP RJR (4-2.23) 


FIG. 43. 


is then a harmonic function which is equal to N on the circumference Cr, 
and is positive on C. From the principle of the maximum it follows that 
“ur, iS a majorant of the absolute value of u(M) in the region J: 


|u(M)| < ur(M). 


We fix M and let R, increase unboundedly. Obviously, then, as R:— ©, ur(M) 
approaches zero, so that u(M)=0. However, since M can be chosen arbi- 
trarily, the unique solvability of the problem considered is demonstrated. 
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We can also prove the unique solvability of this problem by using the 
transformation of reciprocal radii. With this transformation the curve C in 
this case is transformed into the curve C’, so that the region lying in the 
exterior of C is transformed into the region lying in the interior of C’. Thus, 
the point at infinity transforms into an isolated singular point in whose neigh- 
borhood the function v remains bounded. From the theorem of the harmonic 
functions in Section 4-2 §5, it then follows that v is harmonic at the origin 
of coordinates and the solution is unique. 

From these considerations it follows that a harmonic function which is 
bounded at infinity tends towards a definite limit value as M— o. 

The difference in the formulation of the exterior first boundary-value 
problem for two and three variables can be clarified by the following physical 
example. Given a sphere of radius R whose surface is held at a constant 
temperature z,, find the stationary temperature distribution of the surrounding 
space. The function u = 4,R/r represents the solution of this problem which 
vanishes at infinity. 

We consider now the corresponding two-dimensional problem. Thus, let 
a circle of radius R be given, on whose circumference a constant temperature 


u|z = fy = const. 


prevails. In this case «=f, is the uniquely determined bounded solution of 
the problem and no further solution exists which would be equal to zero at 
infinity. Earlier we emphasized the essential difference in the relation of 
harmonic functions at infinity for two and three independent variables (for 
example, the relation of l/r and In1/r at infinity). 

Also, for spatial and plane unbounded regions the principle of the maxi- 
mum remains valid. This we know from the considerations which parallel 
the arguments in the proof of the uniqueness theorem. From this follows 
again the continuous dependence of the solution on the boundary conditions. 


8. The second boundary-value problem, regularity at infinity, 
and the uniqueness theorem 


A function uw is said to be the solution of the second boundary-value 
problem if it and du/én are continuous ina region 7+ 2, and if wu satisfies 
Laplace’s differential equation in T and on the boundary satisfies the pres- 
cribed condition 

Ou 
—|=/(M). 
on iz 

The solution of the second boundary-value problem is uniquely determined 
to within an arbitrary constant. 

We proceed to the proof with the additional assumption that the function 
u(M) has continuous first derivatives in the region T+ 3.” 

8 In order to simplify the proof, we assume the continuity of the first derivatives 
in [7+ 5. Under more general assumptions, the uniqueness theorem was proved by 


M. V. Keldysh and M. A. Lavrentev (Doklady A. N. SSSR 16, 1937). See also V. I. 
Smirnov, op. cit. footnote 15, Part IV. 
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Let us assume that uw, and w#, are two distinct continuously differentiable 
functions in 7 + Y, each of which satisfies the equation 4xv =0 in T and the 
condition é/d2|z = f(x, y,z) on ©. The difference =u, — #, then satisfies 





ou | 

on |r 
Now if we set v = x into the first Green’s formula (4-2.3) and take into con- 
sideration that du =0 and éu/én|s =0, we obtain 











= 2 7 2 2 
WLC) + G5) + GE) Jer=2- 
T Ox oy OZ 
However, because of the continuity of the function #« and its first derivatives, 
it follows that 


Ou Ot Ou 0 
= = SDT = ; 
Ox ay 62 
1.€., 
w= const. , 


which was to be proved. 

The method of proof used here can also be applied to the case of an un- 
bounded region when the function under consideration is regular at infinity. 
First of all, we prove the following theorem: 


Theorem. In the case of an unbounded region, Green’s formula (4-2.3) is ap- 
plicable to functions which are regular at infinity. 


Therefore, we consider an unbounded region T whose boundary we denote 
by .. Further we choose a sphere of radius 
R and denote by Tz that part of our region 
which lies entirely in this sphere. The 
region 7, is then bounded by that part of 
the spherical surface Y, which belongs to 
T and by the surface ¥, which forms a 
4 © portion of the surface Y (Figure 49). Now 
FIG. 49. if we apply Green’s formula in the region 

Tr to the two functions # and v which are 


2p 


regular at infinity, we obtain 


\\ |udvdr = —\\ i oe a Jet EU @. cit = |ae 
TR TrIL OX OX Gy ay G2 @2 
+| [fae +| | ov do. 
y on Tp) On 


By using the regularity of the functions « and v we estimate the integral 


over Jp: 
n 
ov 
| |. — do 
Ip on 











(4-2.23’) 




















| [m, cosa + vycos8 + v,cos 7) do 
tR 


A 3A 
—.— sd 
tole Ro? 








3A* 52 _, 122A? 
< i 4zR° = R 
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Hence, there follows 


lim | | «2 do =0. 
R-o Jyp On 
The integral over 7x on the right side as R-— o tends toward the integral 
extended throughout the entire region T. This integral exists since the in- 
tegrand, because of the regularity of « and v at infinity, approaches zero as 
1/R‘. If, however, the limit value of the integral over ¥,, which is equal 
to the integral over 2, exists, then the limit value of the right side of (4-2.23’) 
also exists and is given by 


lim \| |udvde = \\ |udvde : 
R-o TR T 


Therefore we arrive at the formula 


Ou av Ou dv ou ov ov 
oe oe i a —doe. 4-2.24 
I) Juavas \\ AL ax ay ay dz 5 | \ | ot wee 


Hence, the applicability of the first and consequently also of the second Green’s 
formula in the unbounded region, under the assumption that the functions 
which occur are regular at infinity, is proved. 

We are now in a position to prove the following uniqueness theorem: 
Theorem. The second boundary-value problem for an unbounded region pos- 
sesses a uniquely determined solution which is regular at infinity. 


If in formula (4-2.24) we set v = 4 = ut, — uw, and bear in mind that du = 0 
and du/ou|s =0, then we obtain 


\\ [ut + ly +u)dr=0. 
T 


Hence, because of the continuity of the derivatives of u, it follows that 
“u, =O, uy=O0, u,=O0, and i = const. 
Now, however, at infinity «= 0, so that 
u=O0, 
i.e., 
My =M2 , 
which was to be proved. 
There now remains the question of whether or not the uniqueness of the 
solution of the first boundary-value problem can also be proved by this method. 
Let uw, and uw, be distinct solutions of the first (interior) boundary-value 
problem. We then apply formula (4-2.3) to the function «= 4,—u, and v=u 


in the region 7. Let ¥ be the bounded boundary surface of T. Then we 
obtain 


\\ |uduas =— \\ [tut +4 0)dr + | |. —ds, 
r T r on 
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where by consideration of the expression 
4u=0, u|r=0 


the equation 
\\ [xt + ui+ujdr=0 
T 


results. Consequently we find 
ul, = Uy =Uu,=90 and “u=const. 


The function zon the surface ¥ is equal to zero. Wecan therefore conclude 
that 


u=0 and u, =U. 


This proof is incorrect, however, since in the method of proof the existence 
of the derivatives of the sought function on the surface ¥ was assumed. The 
proof of uniqueness which is based on the principle of the maximum does 
not contain this weakness. 


4-3. SOLUTION OF THE BOUNDARY-VALUE PROBLEMS FOR SIMPLE 
REGIONS BY SEPARATION OF VARIABLES 


For simple regions, the solution of the corresponding boundary-value 
problem can be treated by separation of variables. Accordingly, certain 
auxiliary equations occur which make it necessary to use special classes of 
functions. This discussion will be limited, however, to those problems which 
can be solved by means of trigonometric functions alone. Later, in the in- 
vestigation of certain special functions, we shall consider the solution of other 
problems. 


1. The first boundary-value problem for the circle 


We begin with the solution of the first boundary-value problem for the 
circle. 
Determine the function wz which satisfies the equation 


4u =0 (4-3.1) 
inside a circle and the boundary condition 
eS 7. (4-3.2) 


on the periphery, where f is a prescribed function. 

Let us first assume f to be continuous and differentiable; later we shall 
drop the differentiability requirement and also the continuity of f (see Sec- 
tion 4-2 §4). We shall consider both the interior and the exterior boundary- 
value problems. 

We first introduce the polar coordinates p, g whose origin lies at the 
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center point of the considered circle of the radius a. Eq. (4-3.1), as is known, 
has the form 





2 
dust ttt) 4 54 =0 (4-2.3) 
p dp \" Gp p op 


in polar coordinates (see formula (4-1.34)). We now investigate the separation 
of variables, i.e., we seek the solution in the form 


u(p, y) = R(p)P(¢) . 
By substitution into Eq. (4-3.3), we obtain 
didp-(o(dRidp))_ _o"" 


=i, 
Rip @ 
where 4=const. Hence, we obtain for ® and R the two differential equations 
0’ 4+ 260=0 (4-3.4) 
and 
d dR 
—( p—)—-AaR=0. 4-3,5 
PAG es) ee 


From Eq. (4-3.4) there results 
Oy) = AcosV4o + BsinViy. 


Moreover, we note that the single-valued function u(p, g) under a change of 
the angle y by an amount of 2x is assumed to equal its original value 


u(p, y + 2x) = up, ¢) . 
Consequently, 
Dy + 2x) = Dy), 


i.e., @(y) is a periodic function of the angle g with the period 2z. This, 
however, is possible only when 2 = » is an integer and 


%,(y) = A,cosny + B,sinng . 
We assume the function R(p) to be of the form 
R(p) =p”. 
With this and (4-3.5), 
n=p or p=tn, n>O0 
results after replacing R(p) by p*. Consequently, 
R(p)=Ce" + Do”, 


where C and D are arbitrary constants. 

For the solution of the interior problem we have R(p) = Cp” (u = + n), 
ie., D=0. For, if D#0, then u(p, vy) = R(p)O(y) for eo =0 would increase 
unboundedly and would not represent a harmonic function in the circle. By 
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contrast, R(p) = Dp” (« =— n) must be assumed for the solution of the exterior 
problem, since this solution must be bounded at infinity. 

Therefore we have found the following particular solutions of our prob- 
lem:* 


un(o, v) = p' (A, cosng + B, sin ng) for pSa, 


nlp, 9) = = (A, cosny + B, sin ng) for p2a. 
p 
The sums of these solutions, 


u(p, v) = y p'(A, cos ny + B, sin 29) for the interior problem 
n=0 


and 


u(p, py) = > ye cos zg + B, sin ng) for the exterior problem, 
n=0 0 


are also harmonic functions, provided they converge. 
Now in order to determine the coefficients A, and B, we use the boundary 
condition 


iM 


u(a, ~) = 2 "(A,cosng + B,sinny)=f. (4-3.6) 


We assume that f can be written as a function of the angle ». Then the 
Fourier series for f has the form 


lear + 5 (a, cosny + B, sin ng) (4-3.7) 


with 





a= |" fWdd, am =—\" Fig) cosnpay 


fb, = — | FT(¢) sinngdd . 
By comparison of series (4-3.6) and (4-3.7) we then obtain 


83 The Laplace differential expression in polar coordinates (4-3.3) loses its meaning 
for p=0. Therefore, we still have to prove that Jun = O also for p=0. For this proof 
we shall use not polar but rectangular coordinates; the particular solutions 


p™cosng and p*"sinng 
are then the real or imaginary parts of the function 
preine = (peiv)™ = (x + ty)” ; 


it is a polynomial in x and y. Now, however, it is clear that a polynomial which satis- 
fies the equation 4u = 0 for p > 0 also is satisfied for p= 0, because of the continuity 
of the second derivatives of this equation. 
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A, =e Ayes ee B.= Bn 
9 , n a” ’ n n 
for the interior problem and 


Ay = = ’ Ay = ana” , By = Bna” 


for the exterior problem. In this manner, we have found a solution of the 
interior first boundary-value problem for the circle in the form 
u(p,g) = = +> (£) (a, cos ny + 8, Sin ny) (4-3.8) 
nol 
and the solution of the exterior problem in the form 


u(p, ~) = o + 2 (4) cos ny + B,sinng) . (4-3.9) 


In order to prove that these functions represent the sought solutions, 
we also have to prove the applicability of the superposition principle. For 
this purpose we show the convergence of the series, the termwise differen- 
tiability, and finally the continuity of the functions represented by it on the 
circumference of the circle. Both series can be subsumed in the homogene- 
ous formula 


u(p, ~) = Eas cos ng + Basinny) + > ; 


where 


<1 for psa (interior problem) 


<l for p2a (exterior problem) 


els ab 


and a,, Bn are the Fourier coefficients of /(¢). 
To prove that series (4-3.8) and (4-3.9) for ¢ < 1 are arbitrarily often term- 
wise differentiable, we set 


un = t"(a,cosng + Br sin ng) 


and calculate the kth derivative of the function w, with respect to 9: 


Otte __ 4n,,k ia H z 
ap" =t"n [ascos (np +k5) + Bsin(mp + &5)]. 
Hence we obtain the estimate 


| oun 


ag" 





< t'n'2M ,, 








where M is the maximum of the absolute values of the Fourier coefficients 
a, and f,, 1.e., 


lanl|<M, [Brxl<M. (4-3.10) 
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Now we choose a fixed value p. < a (for the interior problem) or 0, =@"/p. >a 
(for the exterior problem) where ¢) = p,/a@ <1. Then, 


oo 


YfaX(lan|+ | Bal) S 2M fn, tSto, 
from which because of the convergence of the series on the right we infer 
the uniform convergence on the left for f S$ f) < 1 and arbitrary k. Therefore 
series (4-3.8) and (4-3.9) at each point lying inside (outside) the circle can be 
differentiated arbitrarily often with respect to y. Correspondingly, we show 
that series (4-3.8) and (4-3.9) inside (outside) a circle of radius po < @ can be 
differentiated arbitrarily often with respect to op. 

Now p> was chosen arbitrarily under the given restrictions. Therefore, 
series (4-3.8) and (4-3.9) at each interior (exterior) point of the circle are term- 
wise differentiable. Consequently, the superposition principle is applicable 
and the functions (4-3.8) and (4-3.9) satisfy the equation du = 0." 

For the proof we only used the fact that the Fourier coefficients of /(¢) 
were bounded (formula (4-3.10)). However, this is valid for every bounded 
function (indeed for every absolutely integrable function). Therefore, provided 
(yg) is a bounded function, the series (4-3.8) and (4-3.9) define functions which 
satisfy the equation 


4du—=0 for t<l. 


We shall use this fact later for the generalization of the results found 
in this section. 

We turn now to the proof of the continuity of the solutions in the closed 
region? <1. It is easy to see that we must go into the properties of the 
function f(y) more precisely. 

Because of the assumed continuity and differentiability of f(p), it follows 
that f(y) can be developed in a Fourier series and that the series 


> an| + | Bn |) (4-3.11) 


converges. On the other hand, we have 


| ata | 
| Bn | 


so that series (4-3.8) and (4-3.9) converge uniformly for? <1. The functions 
represented by them are therefore continuous on the circumference of the 
circle. Finally, formula (4-3.11) shows that the function (4-3.9), as the solution 
of the exterior problem, is bounded at infinity. Therefore, we have proved 


| ta, cosng |S 
|¢"B, sinng |S 


8 The Laplace differential equation is also satisfied for » = 0; if, therefore, the de- 
rivatives with respect to the polar coordinates are expressed through the derivatives in 
terms of the cartesian coordinates, we can easily see that the functions (4-3.8) and (4-3.9) 
are differentiable for ¢ < to arbitrarily often with respect to x and y. On the basis of 
footnote 83, it follows that 


4u=—090 for p=0. 
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that series (4-3.8) and (4-3.9) completely satisfy the conditions of the problem. 


2. Poisson's integral 


We shall first transform formulas (4-3.8) and (4-3.9) to a simpler form. 
For this purpose we consider, for example, the interior problem. Correspond- 
ing results hold also for the exterior problem. 

By introduction of the expression for the Fourier coefficients into (4-3.8) 
and by an interchange of the order of summation and integration we obtain 
first of all 


u(p, p) = i \ S(¢) {> a 3 (4) (cos ng cos ny + sin nd sin ng} dp 
ra —nx n=l 
Lee os : (4-3.12) 
= =|" {5+ Z(4)cosnte~o bag. 
7 —2z 2 n=l a 
Now we use the following identity: 
= 3 M*cosn(y — ) = a de Flerov 4 rise-v] 
2 n=1 2 2 n=1 
= {1+ E,luetew yr + aetonyry} 
n=1 
_ 1 tee? te t'e-) 
=o {lt per tips} 
1 1—?? p 
oa eS A iS 1. 
2 1—2tes(p—p) +h’ ri 
If we introduce this result into (4-3.12) we obtain 
je 1 — p’/a’ 
ee ee en ee es Lh ee er 
ulp, 9) = > \" fo ae Tar ES 
or 
1 Rn a’ = p d 
== => ile - 4-3.13 
ulp, ~) = 5 \" 0) Sie aa (4-3.13) 


This formula for the solution of the first boundary-value problem for the 
interior of a circle is the Poisson integral, and the expression under the in- 
tegral sign 


2 2 
Bj 
K(p, ~ a, $) = p — 2apcos(y — ¢) + a” 


is called the Poisson kernel. For p<a, we have K(p, 9, a, ¢) > 0, since 
2ap <a’ +p’ for p#a. 
The Poisson integral was derived under the assumption that p > a; for 
p = 4, expression (4-3.8) loses its meaning. However, 
lim u(p, y) = FT (Yo) ’ 
pe 


e-%o 
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because the series from which we obtained the Poisson integral is a continu- 
ous function in a closed region. 
Consequently the function defined by 


1 ie a —_ p 
eae (¢) —————_—_ou——— dd for. o <a, 

u(p, ¢) = 42a | fie p'—2apcos(p—g) +a” 4 (4-3.13’) 
f(¢) for pu 


is a solution of the equation 4% =0 for p < a, and in the closed region, in- 
cluding the boundary p =a, it is continuous. 
The solution of the exterior problem has the form 


1 x p pax a 
i oe ee f 

u(p, e) = 42a | (3 — 2apcos(g—¢) +a ? oD Boe (4-3.14) 
SF (9) tor. p= as 


Under our initial assumption that the function f(g) is continuous and 
differentiable, we proved that the solution can be represented by a series. 
Finally, by means of the above-cited identity, we arrive at the Poisson in- 
tegral. 

Now we shall prove that the Poisson integral represents the solution of 
the first boundary-value problem when the function f(g) is continuous only. 

The Poisson integral represents the solution of the Laplace differential 
equation in the region p < a(t <1) for an arbitrary bounded function /(¢). 
Therefore for p <a (t < 1) the Poisson integral is identical with the series 
(4-3.8) and the equation 4u = 0 is satisfied for every bounded function /(¢). 

It still remains to be proved that the function u(p, ¢) in our case continu- 
ously approaches the boundary values. For this purpose we choose any sequence 
of continuous and differentiable functions 


Sil), Aol¢), sees File), eas 


which converges uniformly towards the function f(g): 


lim fale) = S() . 


The sequence of boundary functions then corresponds to a sequence of harmonic 
functions 7#(p, ¢), Which are defined by (4-3.13) or (4-3.8). 

From the uniform convergence of the sequence {/;(¢)} it follows that 
for every ¢ > 0, a &)(e) > 0 exists such that 


| file) — fesly)|<e for k>Ri(e), U>0. 


For the functions w,(r, g) which are solutions of the first boundary-value 
problem it follows from the principle of the maximum that 


| lp, ~) — Uniilp, g) | <e for pp, k > kof), e>0O. 
Consequently the sequence {uw} converges uniformly towards a definite 


8 We shall not concern ourselves how it arises; such a sequence can be chosen in 
many ways. 
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function «= lim u(o, y). The limit function w(p, gy) is continuous in the closed 
region, since all functions u,(, g) which are represented by the integral 
1 K a = po 
u(o, 9) = — > Sil) 
ad oa \ aaa Tapes Wee tin 
are continuous in the closed region. Finally we have 
1 x a —_ ao 
; — > Sv) dd for <a 
u(o, v) = lim ui(p, vy) = 42a ie: — 2ap cos (gy — ¢) + at ce A 
k-c 
f(g) for p=a 


since the sequence {/f,(g)} converges uniformly towards f(g) and therefore 
the passage to the limit can be carried out under the integral sign. 
The function 


2 Aik a 
+a (yp) dg 


fe eee es 
ee Oe Grerera es 


is thus, for every continuous function /(¢), a solution of the Laplace differen- 
tial equation which can assume the continuous boundary values given on the 
circumference of a circle. 


3. Discontinuous boundary values 


We now show that formulas (4-3.13’) and (4-3.14) for every piecewise 
continuous function f(g) represent the solution of the boundary-value problem, 
i.e., that this solution in the entire region is bounded and tends continuously 
to the boundary value at the points of continuity of the function /f(¢). 
Therefore also it is a unique solution (see Section 4-2 §4). If g denotes 
any point of continuity of the function f(y), we have to prove that a 6 exists 
for every « > 0 such that 

| up, ”) — f(Po) | <eé ’ 
provided 
lep—al<de) and |y— gol < He). 


Because of the continuity of f(y), a 6,(e) can be found such that 


| f(p) — flo) | < = 


holds when 
lp — Pol < dole) . 


We consider now two continuous differentiable auxiliary functions f(~) and 
f(y) which satisfy the conditions 


fle) = fle) +z ~— for — Lp — gol < dale) 


f(y) 2 f(g) for |e — | > d,(e) 
and 
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S(e) = feo) — for le — gol < do(e) 


Ae 
= 2 
Sg) Sf) for |p— gol > dole) 


but are otherwise arbitrary and for which formula (4-3.13) is applicable. 
Then if we define the functions #p, y) and zw(o, g) by the formula (4-3.13) 
for f and f, then these are harmonic functions which have the functions (9) 
and /(¢) as boundary values. 

Since the Poisson kernel is positive, then 


U(o, p) S ulo, y) S Uo, ¢) 
because 
Sly) S fly) S$ f(g) 
Further, from the continuity of #(p, g) and z(o, g) on the boundary for » = g, 
it follows that a 6,(e) exists such that 


|a(0, g) — fig $5 


for wid 
je—a| <4,(e), lo — gol < dife) , 


and 


for 
|e—a| < die), 1p — Go| < di(e). 


From these inequalities we find 


it(o, v) S f(@o) sere = f(@o) + ¢€ 


for 
|e —al < de), |e — Gol < Ae) 5 = min (do, 61) « 
If now we collect these inequalities, we obtain 
f(Po) —¢ S ule, y) S ule, y) Sul, y) S fly) + 
or 
luo, g)—f(g)|<e for |a—p| < de), |p — gol < He) 


and hence the continuity of u(p, g) at the point (a, 9g). 
We shall now show the boundedness of u(p, gy). Since the Poisson kernel 
is positive, then 
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1 an a—p 
. <M dp = M, 
u(p, 9) me a + p° — 2apcos(¢ — ¢) : 


provided |f(~)| < M. Now, however, we have 


an (a’ — p’)dd = 
5. an, SSeS  e 
2x} p —2apcos(y—¢)+a 


since the left side, as was proved earlier, represents a harmonic function 
which tends continuously toward the boundary value f=1. Such a func- 
tion, however, is identically equal to 1. Correspondingly, we [could] show 
that up, ¢) > M, for f > M, and therefore prove the boundedness of the 
absolute value of z(p, ¢). 


4-4. GREEN'S FUNCTION (SOURCE FUNCTION) 


The use of Green’s function is a convenient aid in the analytical treat- 
ment of boundary-value problems. In this section we give the definition 
and basic properties of the Green’s function for the Laplace differential 
equation as well as the construction of the Green’s function for a class of 
simple regions (circle, sphere, semi-infinite body). The construction follows 
by using the method of images in electrostatics. 


1. Green's function for the equation 4u =O and its basic 
properties 

Let #(/) be a function which with its first derivatives in a closed region 

T bounded by a sufficiently smooth finite surface Y, is continuous; further, 


let «(//) in the interior of T possess continuous second derivatives. Then, 
as was proved in Section 4-2 §1, the integral representation 


uM) =7-| i u a — WP) ( I \ aoe — 2 || | Bei. WA 
AnS:)Lreu, an On\ remy Ax) Sr) rum 


is valid. If #«(M) is a harmonic function, the volume integral equals zero; 
if «w(M) satisfies the Poisson equation, the volume integral represents a 
known function. 

Further let v(M) be a harmonic function which nowhere possesses singu- 
larities. The second Green’s formula 


\\ | (udv — vdujde = | | (2 = vt) da 
¥ r)\ on on 


0= | | (ot do = \\ | v4udt . (4-4.2) 
5 on on T 


By addition of (4-4.2) and (4-4.1) we obtain 


u(M,) =| | (cpt — ue) aa — {| | 4 Gaes (4-4.3) 
= Tf 











then yields 


on on 
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where 


i 


TT Mo 


+0 (4-4.3’) 





G(M, M,) = 1 


is a function of two points M,(x, y,z) and M(é,7,f). The point M, is held 
fixed so that the variables x,y,z play the role of parameters. 

In the interior of the region T the function G(M, M,), except at point 
iM = M, where it possesses a singularity of the form 1/4zr, everywhere 
satisfies the equation 


4G =0. 
We now choose v(M) so that 
G\ly=0, 
1.€. 
vis = —- 
. 4zr 


The function G defined in this manner is called the Green’s function of the 
first boundary-value problem for the Laplace differential equation du = 0 (or 
also, the function of an instantaneous point source of the first boundary-value 
problem for the differential equation Jz = 0). It permits us to give a direct 
representation of the solution of the first boundary-value problem for the 
equation Juz=0. From (4-4.3) follows 


on r 


u(M,) = = | «Seda = =) | 1 ae F f=uls. (4-4.4) 
BH 0 


It must also be noted that formula (4-4.4) was derived by the use of 
Green’s formula, where certain conditions concerning the functions “(M) and 
G(M, M,) as well as the boundary Y were assumed. Moreover, the expres- 
sion @G/dén occurs, whose existence on Y is not immediately seen from the 
definition of G. 

In the derivation of (4-4.4) we proceed from the existence of a harmonic 
function w(MZ) which assumes the value f on Y. For the region in which 
the Green’s function exists and for which the Green’s formula is applicable, 
formula (4-4.4) thus yields an explicit representation of only such solutions 
u(M) of the first boundary-value problem as satisfy the conditions for the 
applicability of the Green’s formula. (This formula also proves the uni- 
queness of this class of soiutions of the first boundary-value problem.) 

A detailed investigation by A.M. Liapunov showed that under very 
general assumptions formula (4-4.4) represents the solution of the first 
boundary-value problem for a wide class of boundaries—the so-called Liapunov 
surfaces (see Section 4-5). 

We turn now once more to the definition of the Green’s function G(M, M,) 
which was introduced by means of the function v(M/)—itself a solution of the 
first boundary-value problem for the equation 4y = 0 with the boundary-values 
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vjy = —1/4zr. This gives the impression that here this one problem (the 
determination of the solution uw of the first boundary-value problem) would 
lead back to another of equal difficulty (the determination of v as the solution 
of the same problem). This is not the case, however, since the knowledge 
of the Green's function allows the boundary-value problem to be solved for 
an arbitrary boundary condition (u|: =), while for the determination of the 
function G itself only the boundary-value problem with the particular 
boundary condition (v|s = —1/4zr) is to be solved. This problem is consider- 
ably simpler, as we shall see from a series of examples. 

In electrostatics, the Green’s function 

G(M, M.) =—— + v 

4nur 
represents the potential® at a point M of a point charge which is found 
inside of a grounded conducting surface ¥ at the point ™). 

The first summand 1/4zr is obviously the potential of the point charge 
in free space whereas the second summand » represents the potential of the 
fields which arises from the charges induced on the conducting surface ¥. 
The construction of the Green’s function therefore follows from the deter- 
mination of the induced fields. 

In the following, we shall investigate several properties of the Green’s 
function. We shall assume that the region considered is such that the Green’s 
function G(M, M,) exists for it and possesses a continuous normal derivative 
aG/én. Moreover, we assume that Green’s formula is applicable on &. 

1. The Green's function is positive everywhere in the interior of T. 
G is equal to zero on the boundary ~* of the region and is positive on the 
surface of a sufficiently small sphere about the pole. Therefore G must be 
positive according to the principle of the maximum in the entire region. 
Further we note that (dG/dn)|s < 0, which follows directly from the positivity 
and the condition G|s=0. 

2. The Green’s function is symmetric with respect to its arguments 
M(x, y,z) and M(é, », ©): 


G(M, M,) = G(M,, M) < 


86 It is well known that the potential v of a point charge of magnitude e ina 
medium with dielectric constant e in the cgs system is given by v=e/er. Hence the 
Green's function corresponds to a charge of ¢/4z in absolute electrostatic units. If, on 
the other hand, we use the so-called Giorgi system, in which Coulomb’s law has the 
form f = ee’/4xer, then in vacuum (e = 1) the Green’s function G(M, Mo) corresponds 
to a unit charge. 

In heat-conduction theory, the stationary temperature of a point-forming heat source 
of intensity g is determined by the expression g/4zkr, where k is the coefficient of 
thermal conductivity. Therefore, G(M, Mo) is the temperature at the point M, provided 
the temperature of the surface of the body is equal to zero and at the point Mo a heat 
source exists of intensity g = k. 

If the units of length are so chosen that k = 1, then the function G(M, Mo) cor- 
responds to a source of unit intensity. 
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For the proof, we consider two spheres ¥, and 5, of radius « with Mo and 

6’ as center points; thus let M4 and M4’ be two arbitrary fixed points in 
T (Figure 50). By 7: we shall designate the region which results from T by 
the removal of the regions enclosed by X¥, and 3,. Now if we set 


u=G(M,M3}), v=G(M, M3’) 


and apply the Green’s formula 


\\ | (udv — vdu)dt = \\ («Se — vat) da (4-4.5) 
Te r,4+2,+2\ On on 


to T:, we obtain 


i? , 
at on an 
| [[lccs ar SUL MEY Gurg, yy PCM] G0, = 0 
*2 on on 


since because 4G = 0, the left side of (4-4.5) is equal to 0, while the integral 
over ¥ vanishes because of the boundary conditions. 

Now, if we let « approach zero and consider the singularity of the 
Green’s function, we obtain the expression: 


G(M$, M3’) = G(M0', M3) 
or 
G(M, M)) = GM, M) . 


The above-proven symmetry of the Green’s function is a mathematical 
expression of the principle of reciprocity in physics: A 
source situated at the point M, has the same effect ata 
point M as the same source situated at point M has at 
point M,. The principle of reciprocity is of a very 
general character and arises in different physical fields 
(electromagnetics, elastic, etc.). 

In the two-dimensional case the Green’s function 
G(M, M,) is defined by the following conditions: 

1. 4G =0 everywhere in the region S under con- 
sideration, except at the point M= M,. 

2. At M=M,, G(M, M,) has a singularity of the 
form 





FIG. 50 1 1 





3. Glo =0 if C is the boundary of S. In this case the Green’s function 
has the form 
G(M, M,) = a In 


2m Yumo 





+ v(M, M)) ’ 


8? Liapunov derived this theorem in the application to the class of so-called Liapunov 
surfaces. 
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where v is any harmonic function everywhere continuous and on the boundary 
satisfies the condition 





vileo= — xn u 


Tv YM Mo 
The solution of the first boundary-value problem for 4% =0 is then given by 
uM.) = — | poe ae. f=tule. 
o On 


2. The method of images in electrostatics (the electrostatic 
image) and the Green’s function for the sphere 
A method often used for the construction of the Green’s function is the 


method of images in electrostatics. Its fundamental idea in the construction 
of the Green’s function 





G(M, M,) = +v 


ATTY uM 
arises from the fact that the induced field v can be represented by the field 
of the charges which are distributed on the exterior of the surface © and 
are so chosen that the condition 


viz = — ae 

Any 
is Satisfied. These charges are called the electrostatic image points of the 
unit charge found at the point M,, which, if & were not present, would 
produce the potential 1/4zv. In many cases the choice of such charges causes 
no difficulty. We shall give three examples for the construction of the 
Green’s function by means of the method of electrostatic images. From the 
representations of the Green’s function, which will be given for the three 
examples, the continuity of the first derivatives of G on 3 will be obvious. 
As the first example we consider the Green’s function for the sphere: 
Given a sphere with radius R whose center lies at the origin of coordinates 

O, find the corresponding Green’s function. 
For the determination of this function we place a unit charge at the 
point M, and choose the segment OM, on the radial line passing through M, 

such that 


Pop: = R’, (4-4.6) 


where p, = OM, and po, = OM, (Figure 51). 

Figure 51 shows the correspondence of the point M, with a definite 
point M,, by a transformation of reciprocal radii. The point M, is called 
the point conjugate to M,. This construction is reversible, that is, the point 
M, can be regarded as the point conjugate to M,. 

We prove now that the distances of all the points P lying on the spherical 
surface are proportional to M, and M, respectively. Therefore we consider 
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the triangles OP.\f, and OPM, (Figure 51); they are similar since the angle 
at O is the same for both triangles and the adjacent sides are proportional: 


oR 9 OM__R 


R O1 R = OM, ‘ 


However, from the similarity of the triangles 


Yo Oo R 

—— 4-4.7 

r; R O1 ( ) 
follows, where y=|43P|,7,=|]31,P|. From 


(4-4.7) we obtain 


ees 


for all points of the spherical surface. There- 
fore, the harmonic function vr = —(R'oo)(1/rn1) 
FIG. 51. on the spherical surface assumes the same 
values as the function lyr,. It obviously 
represents the potential of the charge found at ‘/, of magnitude —R/pp. 
Therefore the function 





G(P, M,) = (= ee ~) (4-4.8) 
42 \ ro porn 

is the sought Green's function for the sphere; thus it is a harmonic function 
which at Wf has the singularity (1/4=)(1/r.) and is equal to zero on the spherical 
surface. 

The solution of the first boundary-value problem can then be obtained 
from formula (4-+4.4). 

We now calculate the normal derivative 


£-1E0)-2G) 9 
on = tz Lon\ ro Oo ON\ 


_— 
where » is the exterior normal and 7, = 47%, (in general, Jf does not lie on 
the spherical surface). 

For the derivatives of 1’r, and 1/r, along the normal n we have 


ofl 6 1\ Gro 1 
—(— )=s7-(— Js =r cos(ro, n), 
On\ ls Oro Yo on To 














we Op ier one 
fa). — = —-5cos(ri, 7), 
On\N1 or, Yr, on 1 
since 
lal = cos (Fo, n) ; a = cos (ri, n) < (4-4.11) 
0 


For cos(r,, m) and cos(r,, m) we easily find 
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R + ro — po 
2) 4-4,11’ 
cos (ro, 7) Rr, (4-4.11°) 
e + ri =s i ’" 
s(r,, 2) = ——————__ 4-411 
cos (r,, 7m) Rr, ( ) 
With the help of (4-4.7) we obtain 
2 
Re + ee ro — Ea 2 2 2 
Costigan) (pe ——— oe 
ore, 2pore 
Po 
since according to the definition of the points M, the relation 
R 
 Toeiores 
Po 
holds, and 
code v 
n= —To on « 
Po 
By using (4-4.10), (4-4.9), (4-4.11’), and (4-4.11’’), we find 
aG =-4[-4 R+ro—p , po R avn) koe 
on s 4x ri 2Rr Rr Po 200% _ 4xR To . 
Consequently u(M,), with the use of (4-4.4), equals 
uM) =—=\ | ¢(P) R= Pde (4-4.12) 
"~ 4nR Js rs oe 


We now introduce a spherical coordinate system whose origin lies at the center 
of the sphere. Now let R,0,g be the coordinates of the point P and po, 
9), @ the coordinates of the point M); let y be the angle between the radius 


vectors OP and OM. Formula (4-4.12) can then be written in the form 


R 2aen R’ = po ; ; 
ares d, 0) 4-4.12 
upc Po» Po) Ax \ \ uA fe (R? — 2Rpo cosy + po)? pune ( ) 


where™ 
cos 7 = CoS @ cos J + Sin @ Sin 0) cos (py — go) . (4-4.13) 


This formula is called the Poisson integral for the spherical surface. 
By the same method the Green’s function can also be constructed for 
the region lying exterior to the sphere: 


88 The direction cosines of the vectors OP and OMs are therefore equal to 
(sin 8 cos gy, sin @ sin ¢g, cos @) or (sin 0) COS go, Sin Jo Sin go, COS Oo) « 
Thus 
coS 7 = COS @ - COS @ + Sin # Sin M (cos y COS go + Sing Sin go) 


= COS 7 COS Hp + Sin @ Sin Gp cos (gy — gp) . 
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GM, M) =—(+-22). (4-4.14) 
4n\n 01 To 


Here r,; = MM, is the distance of a fixed point M, lying outside of the sphere, 
7. = MM, is the distance of the point M, conjugate to M,, p: is the distance 
of the point M, from the origin of coordinates, and R is the radius of the 
sphere. 

If we bear in mind the distinction between the direction of the normals 
for the interior and the exterior problem, then we obtain 


2a 22 Rr ; 

,a, =——— es ee 6, Odbde, 
eee) re \ [R’ — 2o,Rcos7 + pi]? plete af 

where cosy is given by formula (4-4.13) (the subscript zero is there replaced 

by 1). 


3. The Green’s function for the circle 


The Green’s function for the circle can be obtained in the same manner 
as the Green’s function for the sphere. In this case the Green’s function 
assumes the form 


eh eee, (4-4.15) 
2x OY 
If we repeat the arguments of the previous 
section from formula (4-4.6) to formula 
(4-4.8), we obtain for G(P, M,) the repre- 
sentation 





FIG. 52. 


where p. = OM,, 7, = MP, 7, = MP, and R= OP is the radius of the circle 
(Figure 52). We see immediately that the harmonic function so defined on 
the boundary C is equal to zero, 


Glo=0. 


For the solution of the first boundary-value problem the normal derivative 
dG/dn on the circumference C must be calculated. The calculation proceeds 
as for the sphere and yields 


aG Re 


on oe ~ 22R re 





Now let p, @ be the polar coordinates of the points P lying on the circum- 
ference and »., 0. the coordinates of M,. Then, first of all, we have 


ro = R’ + ps — 2Rpo cos (0 — 0) . 
If we substitute this expression for 7, into the formula 
R — pds 
r, OR 





ak 
U(po, Oo) = pe u(P) 
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and note that 

u(P) |e = f(@) and ds = Rd 
then we obtain for the function u(M,) the expression 
1 ie R* — po 


,6 = —— Dp? 2... 9D. nneTA.. DA 
1( Po» Oo) 2x), R’ + ps — 2Rp. cos (0 — 4) 


F(9) de, (4-4.17) 
the so-called Poisson integral for the interior of a circle. Except for the 
signs this formula also gives the solution of the exterior problem. 


4. The Green's function for the half space 


The notion of the Green’s function and formula (4) are also valid for an 
unbounded region of space, provided the functions considered are regular at 
infinity (see Section 4-2 § 6). 

To determine the Green’s function for the half space z > 0, we place at 
the point Mo(x%o, yo, 20) a unit charge which produces in the unbounded region 
of space a field whose potential is defined by the function 


ee 


4n T MoM 





> (Fugu =V (x — %0)® + (y — yo)? + (2 — 20)*) * 


We easily see that the induced field v is the field of a negative unit charge 
placed at the point M,(x», yo, —Z), which is the mirror image of the point 
M, in the plane z = 0 (Figure 53). The function G(M, M,) is equal to 

1 1 


GAM Mo) = 4nro - 4nr; 





where 
—> a ee 
r= MM= V(x — Xo)* + (y — ¥o)® + (2 — 20)? 
— oS poe fas = 5 Se 
n=MM= Vix — Xo)® + (¥ — Yo)? + (2 + Zo)? . 


G(M, M,) is equal to zero for z=0 and has the required singularity at the 
point M,. 







Zz We now calculate 








M(x, y, 2) oG| _— a 
Mol 4» Hos Zo) on 2=0 - Oz z=0 
Obviously, 
$6 4] 2544258! 
dz 4x ro ri 
} For z= 0, we thus find 
‘ a aG) __aG) _ 
Ya. x5, Ipr-2o) on z=0 dz 2=0 2nrs : 








FIG. 53 The solution of the first boundary- 
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value problem is therefore given by 


1 
1 Ma) =5-| | f(Pydop , 
wT Zo Y MoP 
where 2, is the surface z=0 and f(P)=x|.2.. Thus we can also write 
1 on oo Zo 
é ’ , = —— 3 aye , d. d . 4-418 
ONS 7a) ol. (es to ee 


4-5. POTENTIAL THEORY 


The function 

See ee 
VE-F tO te OF 

which represents the potential of the field of a unit mass (charge) placed at 
the point M,(&, 7, €), is a solution of Laplace’s equation. Here €,7, and € 
are interpreted as parameters. The integral of this function with respect to 
the parameters is called the potential. It has a significant meaning both in 


physics and also in the development of the methods of solution for boundary 
value problems. = 


Dine 
a 


1. Spatial potential (Newtonian potential) 


Let a mass m, exist at M,(&, 7, €). According to the law of gravitation, 
the attracting force on a mass m placed at the point M(x, y, z) is 





F=-y at. (4-5.1) 


——- 
Here r= M,.M and 7 is the gravitational constant. By a suitable choice of 
units we can make 7 = 1. Further, if we set m=1, we obtain 


Y = FcosB = —“ ly — ») (4-5.2) 


where a, 8, and y are the angles between the vector F and the coordinate 
axes. 


Through 
F= gradu 
or 
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6 Ou ou 
x=42, y= Z 
Ox ay’ dz 


we introduce the so-called potential u(x, y, z) of the force field.*? In our case 


we have 


By superposition of the force fields, the potential field of # mass points can 
be expressed by the formula 


We treat now the case of a continuous distribution of mass and consider 
a bounded region of space JT with a density distribution p(€, 7, €). In order 
to determine the potential of this spatial region at a point M(x, y, z), we 
divide T into sufficiently small volume elements Jz and assume that the in- 
fluence of a spatial element Jz is equivalent to the influence of a mass con- 
centrated at an interior point (€, 7, €) of dr.*° 

For the X component of the force acting on the point M we then obtain 


ax = F(x ~6), 





with 
P= (x—- EP + (yy) + (2-0). 
The X component of the potential of the total region T at M is obtained 


by summation of the individual potentials over all spatial elements, i.e., by 
integration over T: 





x=—|| \p25far. (4-5.3) 
T rT 


Therefore we obtain for the potential of a spatial region T at the point M 
the so-called Newtonian potential 


uM) = || [evar (4-5.4) 


If M lies outside of 7, then this follows directly by differentiation under the 


8? The potential introduced here should not be confused with the energy potential 
of a force field. Potential here is understood in the sense of the force function in 
mechanics. 

99 More precisely stated, it is assumed that the influence of a body T of mass m 
on a point lying outside a convex region T containing this body can be replaced by the 
influence of a certain concentrated force with the same mass m which lies in the interior 
of T. 
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integral sign.*’ We calculate the higher derivatives in a similar way. For 
each point M lying in the exterior of T, u(M) satisfies the Laplace differential 
equation. 

In the following we shall use the above-mentioned properties of the 
potential and formulate a series of theorems under the condition that p(é, y, €) 
is a bounded (and also integrable) function. We do not intend to develop 
the theory under the most possible general assumptions. 

If the point M lies in the interior of 7, then we cannot directly conclude 
that X = 0u/dx. We shall go into the necessary additional investigation later. 


2. The planar problem (logarithmic potential) 


We now investigate a special mass distribution which depends only on 
the two coordinates x and y. Obviously then the potentials on each of the 
planes v = const. assume one and the same value. 
Therefore it is sufficient to consider the potential 

at the points (x, y) which lie in the plane z= 0. 
First we shall determine the potential of a 
homogeneous infinite straight line L. For this we 
a x choose the z axis. in the direction of this straight 
/ line. Let the linear density (i.e. the mass per 
unit of length) be equal to w. For an element 42 
FIG. 54. ona point P(x, 0) (Figure 54), we obtain the attract- 
ing force whose component with respect to the x 

axis is 


Zz 


Az 


Az Az 
Apis Eas = 2 2 es 
R’ (x? + 2’) 





x 
AX = AF cosa = Hee gt ae c 


Hence it follows that 


2 
2\3/2 = — px" | cosada = — =, 
) —n/2 x 


If P(x, y) is an arbitrary point, then the attracting force acting on a point 


at O obviously is in the direction of OP and its magnitude is equal to 


91 A sufficient condition for differentiation under the integral sign, with respect to 
a parameter, for an integral of the form 


fm) =\_ FM, PP dep 


is the continuity of the derivative of F(M, P) with respect to the parameter and the 
absolute integrability of g(P). Ordinarily this theorem is formulated only for y(P) = 1, 
although the proof for this and the general case are not different. 
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where 
ony re 


The potential of this force is called the logarithmic potential; it is equal 
to 


Vs oiin (45.5) 
p 


which we recognize directly by differentiation. 

The logarithmic potential represents a solution of the two-dimensional 
Laplace differential equation which is circularly symmetric with respect to 
the point »=0 and at this point becomes y 
logarithmically infinite. Thus the potential 
of a homogeneous straight line represented 
by formula (4-5.5) produces a planar field. 
The representation of the potential in the 
form of an integral was derived only for a 
bounded region.” 

We note that in contrast to the spatial m 
potential, the logarithmic potential at infinity FIG. 55. 
does not equal zero but has a logarithmic 
singularity there. 

For the components of the attracting force at point P (Figure 55) we find 





a P(x,y) 
X =F cosa=—2p-5 , cosa = 
p 


2 > |e 


Y =Fsina=—2p~, sina=—. 
p p 
If several points (an infinite straight line with 
distributed mass) exist, then because of the super- FIG. 56. 
position of the force fields the potentials at the 
point P can be added (straight line). 
In the case of a region S with continuous density distribution (Figure 56), 


92 In the calculation of the potential of an infinitely long straight line, the potential 
of the individual elements cannot be integrated directly since an improper integral 
would result. The potential of an element dz is therefore equal to 

az 
4 = eo = 
# vp ae ze , 


so that formal integration would yield the improper integral 


Se 
a 7a 
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the components of the attractive force on the point P can be expressed by 
the double integrals 


ys? é, ee i d 
Y=—2 , 9) ——4—_1__ dtd 
\,Jne "Gaye 


and for the potential we find 

1 
—————————— dE dr , 4-5.7 
Va-f+y—-n eae 
which we can prove by differentiation if the point lies outside the region S. 


If P lies inside of S, then an additional investigation is necessary in the 
proof. 


u(x, y) = 2 [le 7) In 
Ss 


3. Improper integrals 


Potentials and components of gravitational forces can be represented by 
integrals whose integrands become infinite when we consider their value at 
the points at which the attracting masses are placed. 

If the integrand at any point of the region of integration is infinite, the 
integral as is known cannot be defined as the limit value of the integral 
sum. In this case, therefore, the integral sum has no limit value, since the 
summand corresponding to the element of volume containing the singularity 
can arbitrarily change the magnitude of the sum, depending on how one 
selects the corresponding intermediate points. The integrals of such functions 
are defined as improper integrals. 

Let F(x, y, z) be a function which becomes infinite at an arbitrary point 
M(x, Yo, 2) in a region T. We then consider the integral over a region 
T — K., where K, denotes an arbitrary neighborhood of the point M, whose 
diameter does not exceed e. 

If now the sequence of regions Ke shrinks in an arbitrary manner about 
the point M, and if the sequence of integrals 


L,= \\ \F dt E, 0 
T-Ke, 


has a limit value independent of the choice of Ke,, then the limit value is 
called an improper integral of the function F(x, y, z) over the region T and 
is usually denoted by 
\\ \Far : 
T 


If at least one sequence of neighborhoods Ke, exists such that as «,—-0a 
limit value / exists, whereas for another sequence {Ke,} this limit value has 
another value or does not exist, then the limit value / is called a conditionally 
convergent improper integral. Naturally, for the consideration of a condi- 
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tionally convergent integral, a sequence of neighborhoods (Ke) must exist 
through which it is defined. 

We limit ourselves here to the consideration of those cases in which the 
integrand has an isolated singularity, such as integrals of the form 


\\ Sau (4-5.8) 
T 


where C and a > 0 are constants and 


Y= Tum = V (Xo — &)y + (Yo —nr+ (Z — €)? 


and M, denotes a point in 7. Without loss of generality we can assume T 
to be a sphere of radius R about M,. Further, we choose as neighborhoods 
Ke, spheres of radii e, about M,. For the calculation of the sought limit 
value of the corresponding sequence of integrals we first obtain 


Qn n 
\\\ ea =| ap sing do\" Sadr = 2n 2c |" 
0 


a a—2 
T-Ke,7 0 en 





En 





3-—a 
4rC [In r}é,, for a=3. 


en 


1 a-a |* 
el r | fon: - BES 


Now if we let ¢,—0, then it can be shown that the limit value exists for 
a <3 but not for a= 3. 

Now let F(x, y, z) be a nonnegative function and let the following limit 
value exist 


r= tim {{| Fede, 


&n-0 T-Ke, 


where Ke, represents spheres of radii e, about ~~ \ 
Caan 


M. Further let {Ae,} be an arbitrary sequence 

of regions, which shrink to the point M. Then, 

also, for this sequence of neighborhoods the 

limit value of the corresponding sequence of 

integrals exists and the value of this limit 

value is independent of the form of the Ae,. 

For the proof we proceed from the fact that FIG. 57. 

each of the regions Ke, can be enclosed by 

two spheres Ke, and Key, , whose radii en, and ¢,, together with e, approach 
zero (Figure 57). Since the integrand is always nonnegative, we obtain 


Sn, ese eM Pe 


It follows, however, that 


lim || Fade =lim|\| _ Fae=T, 
n—© T-Ke, n= T-Ke, 


since the limit value of the outer integral exists and coincides with it. 
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Thus we have the following results: 
In the case of three independent variables, the improper integral 


\\ \ ieee (4-5.8) 


exists, provided a < 3, and does not exist if a= 3. 


In general, if the critical value a which determines the convergence of 
the integral of the form (4-5.8) is equal to the number of independent 
variables, then in the two-dimensional case the integral 


| | ae 
zJp 


converges for a < 2 and is divergent for a = 2. 

We shall now establish the following criterion for the convergence of 
improper integrals: 

To guarantee the convergence of an improper integral 


\\ \Fu, y, z)dx dy dz (4-5.9) 

T 

it is sufficient that a nonnegative function Fix, y, 2) exist for which the 

improper integral over the region T converges and such that the inequality 
| F(x, y, 2)| S Flx, y, 2) (4-5.10) 


is valid. 

For the proof, we consider any sequence of regions Ke, which entirely 
contains the singular point M,. Because of the convergence of the sequence 
{I,} of the integrals of F(x, y, z), an N(e) exists for each e > 0 such that 


Vis, ~ In = [|| Fdr 
Ke, —Ke 
my ie) 


is valid when 2,,”, > N(e). Since Fix, y, 2) is a majorant of | F(x, y, z)], we 
can write 


In, — Ing =| Fdt 
Ken, Ken, 


<eé 








<\\| Fides \\| Fase 
Ke, —Ke Ke, —Ke 
my ne ny ne 


(4-5.10’) 


when ”,, #2 > N(e) holds. On the basis of the Cauchy convergence criterion, 
the condition (4-5.10’) is, however, sufficient for the convergence of the 
sequence 


toward a limit value 
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We easily see that this limit value is not dependent on the choice of the Ke,. 
Therefore, the existence of the improper integral (4-5.9) is completely proved. 

If, on the other hand, a nonnegative function F(x, y, 2) can be found 
such that F(x, y, z) = Fix, y, 2), and if the improper integral of F diverges 
over the region T, then the integral of F also diverges. 
Conclusion: 

If for a function F(M, P) which becomes unbounded at P= M the ine- 
quality 

. Cc 
|F(M, P)|<—, ee ie 


Yup 


is satisfied, then the improper integral 
\\ rum, Pldep 
T 


converges over the region T which contains the point M. 


As is known from the theory of integrals containing a parameter, the 
continuity of the integrand with respect to the parameter and the independent 
variables is sufficient for the continuity of the integral with respect to the 
parameter. For the improper integrals considered here, however, the in- 
tegrands are not continuous functions and therefore the above criterion is 
not applicable. 

To find a criterion for the continuity of improper integrals which depend 
on a parameter, we shall consider the improper integral 


VM) =| F(P, M)f(Pidep , (4.5-11) 


for which F(P, M) at P=™M is unbounded but with respect to M is a con- 
tinuous function, whereas f(P) is a bounded function. 

An integral (4-5.11) is said to be uniformly convergent at the point My 
if for every e > 0 a d(e) exists such that the inequality 


| Vs ie (M) | = 





| F(P, M)f(P)der|< 
Ts (®) 


is valid for each point M whose distance from ™, is less than d(e), and for 
every region 7s,,, which contains the point M, and whose diameter d S 6(e). 
We prove now that at the point M, a uniformly convergent integral 


ViM) =| FUP, M)f(P)der 
T 
represents a continuous function. Thus we have to show that for every 


e > Q, a O(e) can be found such that 


| V(M,) = ViM) | <e 
is valid when 


—> 
|MM,| < Ge). 
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First, inside the region T we select a subregion 7, which contains the 
point M, (Figure 58), and split the integral into two summands 
V=V,+ V2, 


where the integral V, is taken over 7, and the integral V, over 7, = G— T. 
We shall consider later the magnitude over 7;. The following estimate is 
valid: 


| ViMo) — ViM)| = | Vi(Mo) — V2(M)| + | Vi(Mo) | + | Vi(M)| « 


Each summand standing on the right can be made smaller than e/3 for 


sufficiently small |M,M|. Now if we choose 7, in the interior of a sphere 
of radius 4(e/3), we obtain 


dj when 


ey, 


- and  |Vi(M)|'s 


|Vi(M)| < a 


= ‘de 
\M,M| <6 (+) 
3 
The existence of such a 6’ follows from the uniform 
FIG. 58. convergence of the integrals (4.5.11) at the point M,. By 
the selection 7,, 7, also is determined. 

Since M, lies in the exterior of 7,, V2 is a continuous function at this 

point. From this follows the existence of a 6’’(e/3) such that 


€ 


| Vo(M) — V2(M) | ene 


provided 


Now if we set 


then we obtain 
— 
|ViM)—V(M,)|Se« for |M.M|s6, 
whereby the continuity of a uniformly convergent integral is proved. 
These results are valid not only for spatial integrals but for surface and 


line integrals as well, a fact that we shall utilize in the following calculations. 
We consider now a potential 


vim) =\| [Oar (4-5. 12) 


Yue 


and the components of the corresponding attracting force 
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r 
Y(M) = -\\ (se Hes (4-5.13) 
Tv 





Z(M) = -\| ae Ge aes 
T 


at the points which lie in the interior of the attracting body. The improper 
integrals (4-5.12) and (4-5.13) converge when the density p(M) is bounded, 
p|\(M)| < C. For the potential V(M) this is obvious since 

MOE sigh WER 

r r 
For the components of the attractive force the assertion follows from the 
inequality 

leilx-€l c 


2 
r r , 


a=2<3 





since |x —€| <~yr. 
As an illustration of the uniform convergence of an improper integral 
we show that the integrals (4-5.12) and (4-5.13) are continuous functions. 
Therefore, we have to prove that the integrals (4-5.12) and (4-5.13) con- 
verge uniformly at each point M,. 


First, 
Ih Jatenleelfat 
T3) ‘up K3°) Yup 


is valid, where A#® is a sphere of radius 6 about M, which contains the 
region Ts. For the calculation of the integral on the right over the sphere 
K3° we introduce suitable spherical coordinates whose origin is at the point 


M. Then obviously 
dtp 
=C — 
> \hexe) 


dtp 
Care| re 


where Kis is the sphere of radius 26 about M. Now if e > 0 is prescribed, 
then we have only to choose 





= 8Cxa’ , 








bs de) = gk. 
a 


Thus the condition for the uniform convergence of the integral V is satisfied. 
By a corresponding consideration for the integral 





X(M) =\| | oP) = © dep, 


T “MP 


93 The integral (4-5.12) results from integral (4-5.11) for F(M, P) = lUraue, f(P) = p(P). 
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we obtain 


[J Jomsgten ee 
TS Yup 








dtp 
<C —_— 
ex) Yup 











dtp 
alles 


Therefore the potential V and the components X(M), Y(M), and Z(M) of 
the attracting force in the entire space are shown to be continuous functions.” 


4. The first derivatives of spatial potentials 


The integrands of the integral 
b= 


3 
Y uP 





X(M) = = | oP) dtp, Y(M), 2M) 
T 


are the derivatives of the integrands of 


von =) fate 


uP 


If the differentiation under the integral signs is carried out for the function 
V(M), then 


OV. pel geal (4-5.14) 
Ox oy Oz 


i.e., V is the potential of a field with components X, Y, and Z. 
If the point M lies outside the region 7, then 





is a continuous function with respect to the two arguments M(x, y, z) and 
P(é, 7, €). Consequently, in this case differentiation under the integral sign 
can be easily carried out. 

The higher derivatives can be calculated by differentiation under the 
integral sign at all points exterior to 7. Hence it follows on the basis of 
the lemma from Chapter 3, Section 2 that the potential outside the attracting 
mass satisfies the Laplace differential equation 


4V=0. 


We shall now show that the derivatives of the first order of the potential 
V also can be obtained by differentiation under the integral sign when the 
point M considered lies inside of the region T. 


94 The uniform convergence of the integrals V(M) and X(M) was shown under the 
assumption that the density » is bounded (| »| < C). Consequently, these integrals also 
are continuous at the points of discontinuity of the function p, in particular on the 
boundary of the region covered with a continuous distribution of mass. 
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For the proof we use the boundedness but not the continuity of the 
function p(x, y, z) (|o(x, y, z)| <C). It follows that V(x, y, z) also is continuous 
at the boundary points of 7. These points can be considered as points of 
discontinuity of the function p(P) which vanishes outside of T. 

We shall now prove that for every ¢ > 9 a 6(e) exists such that 


Vix + Ax, y, z) — V(x, y, 2) 


—X\< 
Ax : 


when 
| dx | < dle). 


To this end we enclose the point M,(x, y, z) by a sufficiently small sphere 
K¥°, whose magnitude will be fixed later, and split V into two summands 


V=V,+4+ Vz, 


where V, corresponds to integration over 7, = K#°, and V, to integration 
over T, = T— Kf. Then 


Vix + dx, y, z) — Vix, y, 2) 


Ax 
_ Vilx + Ax, y, 2) — Vil, ¥, 2) i Vilx + Ax, y, z) — Vilx, y, 2) 


dx dx 


For an arbitrarily fixed 7,, we have 


tim Vole + 4x, y, 2) = Vale, ¥ 2) ye 2(4) 
an Ax = ha \\ og, y, iw z dt, 


since M, lies outside of 72. 
Now the following estimate is valid: 


Vix + Ax, y, z) — Vilx, y, 2) 








x — TE POaNE Dl sl — +1XI 
dx 3x 
Vilx + Ax, y, 2) — Vilx, y, 2) 
| es Ss ee ee 
Ax 








Each of the summands occurring here can be made smaller than e/3. First 
we find 


Xi =|\| [otsfas 
ry 


r 


(4-5.15) 





= 4nCo! < = 
TLO 3 


, 


At ry’ sin 9d9dydr 
2 
Z 


0 





< c| 
ft) 0 
since |(x — 6)/r| < 1 and |p| <C. Further, we have for the third summand 


_ | Vile + Ax, v, 2) — Vilx, y, 2) 
eae 
Ax 


“1311, e-2 


r= V(x + 4x) — EP + (py — 9)? + (2 — 0)? 
T= Vee yay ie GS: 














with 
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The sides of the triangle M,MM, are equal to r,7,, and |dx|. Hence it 
follows that 


lr—ni| S| 4x], 


iste | taal? Wales 


since for arbitrary numbers @ and 6 


so that 





ab sa +5). 


Therefore, 


and 


Nh Vos Slew re 8 
rfJn Kos J 11 


where Kis! is a sphere of radius 26’ about M,. 
By a suitable choice of 6’ the inequality 


IS|< 12nd" = 6xCa! < = (4-5. 16) 


can be satisfied. If we choose 4’ according to the condition (4-5.16), then the 
inequality (4-5.15) also is satisfied. Now we set 7; = Kj® and therefore also 
T, = T—T,. 

The first equation of (4-5.14) applied to the region 7, so selected means 
that for every « > 0, a é’’ exists such that 








Vix + dx, J; 2) == V2(x, yy 2) _ xX. < 3&s 
dx 3 
when | 4x] < 6”. 
Finally, if we choose 6 = min{é’, 6’’], we obtain 
ee <e for |dx| <6. 
dx 
Therefore, it is proved that 
OV _ <> 
ae (4-5.17) 
The expressions 
ov oV 
ae qd. <= 
ay a a2 


can be proved similarly. 
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Therefore we have proved that by differentiation under the integral 
sign the components X, Y, Z of the force field are the components of grad 
V. 


5S. The second derivatives of spatial potentials 


The improper integral 


Cae a ee Do AGE ye ‘ 
I jose (Gate = —\| foe 8S 8) 


does not converge absolutely at an interior point P of the bounded region 
T. Here the majorant of the magnitude of the integrands has the form 


Cc 


- with a=3. 

In the following, a formula will be given which permits the calculation 
of the second derivatives of the potential V(M) in the region J when the 
continuity and the continuous differentiability of the density p(x, y, z) are 
assumed in the neighborhood of point P. Above all, the investigation is not 
applicable at a boundary point at which the density as a rule has a point of 
discontinuity. 

We again write the potential V(M) in the form 


V=V,+)., 


where as before the summands refer to the two regions 7; and 7,. Here 
T, = Kx denotes a sphere of radius 6 about M, in which the density p(x, y, 2) 
is differentiable. 

The second derivatives of V, can be obtained by differentiation under 
the integral sign since the point M, lies outside of 72, e.g., 


av, a (av, ; a/i 
Staal waa So 4 STR 2) ar 
ax? Ox ee Ih, Je d Oar) . 


For the first derivative of V, with respect to x we find 


Tall Sok (bef feg(t)e asi 
£2)--40). 


By applying the Green’s formula, the integral (4-5.19) is transformed 


into 
OV ss ee ee Of A\ 140], 
ax NI Jee(S)e II, SLe(ey) ale 


ol f lap 
= J apo)$coseda +l |. za 








since 
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where Y;° is the spherical surface bounding 7; and a denotes the angle 
between the exterior normal to the surface Ys and the x axis. The first 
summand is a differentiable function at the point M,, since M, lies outside 
of Y¥°. Similarly, if the second summand is differentiable in the neighborhood 
of the point M,, then p is differentiable in 7,. From this it follows that at 
the point M, the second derivative of the function V, exists. Consequently, 


ee a) a(1)\a0 4 
ne) Pag Ax cosade+ || Vie Jae 


For the second summand at M, the following estimate holds: 





i \2(— eben <c\| [oo = Cotas (4.5-20) 
qT, Ox\ r JOE T,JY 
provided 
Op. 
Cy 
0g Bae 








If we apply the mean-value theorem to the surface integral, we obtain 


afl cos’ 4 
=| sol ez (— cos ada =— | wales de = — 0 


Here p* is a suitable intermediate value of the density at a point of Y3°. 
Further, 


and 





2 
1 ‘ 
iio dt = F | sire) pz (cost + cos’ B + cos’ y)do = ase ‘ 





r 3 3 
By passage to the limit as 6-0, we obtain 
avi _ |: a/l An 
=I ~ —47 9(M,). 6 
ns ax” = lira] - \. Bile )cosede |= 3 e( Mo) ee) 


The equation 











is true for every 6. Since, moreover, its left side does not depend on 6, then 


a V av; av, 4x . oe 1 
ae = lim ( to \=- (M) + lim \\, \p we aap ar. (4-5.22) 








The existence of the limit value 


lim|{ \e (+ )a: =\| |e 2, eas de (4-5.23) 


follows from the existence of the second derivative 4?V/ax? proved above. 





4-5. POTENTIAL THEORY 303 


This integral was obtained by a special choice of passage to the limit, and 
indeed the sphere was shrunk to the point M@,.°° This is indicated in formula 
(4-5.23) by the bar above the integral sign. In general, a change in the shape 
of this region implies a change of the limit value; the integral (4-5.23) is 
conditionally convergent (in the sense of the above definition). Accordingly, 


av. _ a Ax ‘ 
ax (M,) = \\, \e exe ar(> \ de — =z P(Mo) ; (4-5.24) 


From this we see that the calculation of the second derivatives of the 
potential by formal differentiation under the integral sign would lead to an 
incorrect result. ; 

Analogous expressions hold for the derivatives @’V/dy’ and @’V/dz". By 
substitution of the three derivatives into the expression for the Laplace 
operator we find 















fy 2 tN, eV iV 
Ox dz 
a did LW i BA 
EO) +h) <(— ) Jas — Azote) (4-5.25) 





{] 


—4xp(M_) 


since l/r is a harmonic function.” 
Therefore the spatial potential satisfies Poisson’s equation 


AV = —A4zp 
inside the body, and the Laplace equation 
4V=0 
outside the body. 
The inhomogeneous equation 
4u=—f (4-5.25’) 


possesses the particular solution 


EJ. 


provided / is differentiable in a fixed region T. 

From this it is evident that the solution of a boundary-value problem 
for the inhomogeneous Eq. (4-5.25’) can lead back to the solution of the cor- 
responding boundary-value problem for the Laplace equation dv = 0, in which 
the sought function is put in the form w= w+ v. 


95 The limit value (4-5.23) can be regarded as the principal value of the integral. 

96 Formula (4-5.25) was derived under the assumption that the function »(M) was 
differentiable. This condition can be replaced by weaker conditions. However, the 
continuity of p(M) would be insufficient for the validity of (4-5.25), since continuous 
functions »(M) exist for which the spatial potential possesses no second derivatives. 
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6. Surface potentials 


As the Green’s formula shows: 


UM) =| i u Fe ut (—) Jao 
4r Sy\b rep On on\ r 


(see Section 4-2), every harmonic function can be represented by integrals 
which are surface potentials. 

We will now determine the potential of the field of a surface Y loaded 
with a mass. For the definition of the surface density p(P) at the point P 
of ©, we proceed in the following manner. Let {*,} be a sequence of sur- 
face elements which shrink down to a fixed point P on Y, i.e., the relation 





lim dy = 0 

yo 
holds provided we understand a, to be its surface area. Each 2, corresponds 
to a mass layer m, which is considered as a function of ov, i.e., it can be 
written in the form m = m(o,). Thus we denote the limit value 


w(P) = lim may) = dim 
oy—0 dy dap 
as the surface density of the surface Y at the point P.*’ The potential of 
this mass load can then be represented by the surface integral 


vim) =| [Ae ae (4-5.26) 
rj Yup 
the so-called potential of a single layer. 
Another type of a surface potential represents the potential layer whose 
definition we shall now develop. 
We consider a dipole which is 
formed by two masses — m and mw 
situated at the points P; and P, and 
at a distance J/ (Figure 59) from each 
other. The product oJ! = N is called 
FIG. 59. the moment of the dipole. For the 
potential at an = arbitrary point 


M(x,¥,2) 





M(x, y, z) we then have 
pet Peg ane), 
1%. Th % 1h 4I\ nr, 7% 
where 7; and 7, are the distances of the points M from 7, and 7», respectively. 


97 If the mass with spatial density p is distributed into layers of thickness h on the 
surface ¥ and the field is considered at the points whose distances from the surface 
are large in comparison with h, (h/r <1), then the consideration of the thickness 
of the layer in general is unimportant. It is suitable however to consider, instead of 
the spatial potential with density », the corresponding surface potential with a surface 
density # = ph. 
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If d/ is small in comparison with the distance to the point M (4l/r, « 1), 
then by use of the mean-value theorem we can write 


d/l a ee 
v=Na{(-), r=V(x—EF + (y— m+ (2— 8). 
Here the vector J is along the direction from the repelling mass to the at- 
tracting mass, and , is the distance of the point M(x, y, z) from a fixed inter- 
mediate point P(é,7,€) of the interval 4]. 
For the derivative in the Z direction we obtain 


d/l 1 
“il(>) = Pe 1) = ae" , 


where the vector r is directed along the dipole to a fixed point M, whereas 
gy is the angle between the vectors 1 and r. Hence, the potential of the 
dipole is 

V(M) = ve ; (4-5.27) 
where N is the moment of the dipole. 

Now let two surfaces Y and X’ (Figure 60) which are parallel and at a 
distance 6 from each other be loaded 
with a mass in such a way that the 
mass of each of the elements of Y’ 
accordingly is equal and opposite to 
the magnitude and the signs of the Pik 
corresponding element of ». By n, we 
denote the normal common to the 
surfaces ¥ and 3’, which are directed 
from the repelling to the attracting 
masses. Now if we let d approach zero, 
then we obtain the double layer as the totality of two infinitesimally close 
layers whose densities have opposite signs. If» is the surface density of the 
moment, then the moment of the surface element dap equals 


dN = vdop. 


For the potential of the element do at the point M(x, y,z) we then have 


yee (+) dp GP eas: 
anp \ rup Yep 


M(x y,2) 





FIG. 60. 





Smee 
where ¢ is the angle between n and PM. 
The integral 


W(M) = -| ae (= )APidar (4-5.28) 
s) dnp \ rap 

is called the potential of a double layer. This definition obviously cor- 

responds to the case in which the outer side of the surface acts so as to 

repel and the inner side acts so as to attract. 
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—— 

If gy, is the angle between the interior normal and the direction PM, 

then 
w =| [SRE Pldar 
I) 7 MP 

If the surface is not closed then we have to regard it as two-sided, since 
the potential of the double layer is defined only for such surfaces. 

The potential of the single and double layers assumes, in the two- 
dimensional case, the form 











v=| Apia ae: (4-5.29) 

ta] TupP 

W= -| AP) (in J as = | LOSP1 Dds (4-5.30) 
fa] dnp Tue o Yup 


where C is an arbitrary curve, p is the linear density of the single layer, » 
is the moment density of the double layer on the curve, and g, is the angle 
between the interior normal to the curve and the direction to the test point. 

If the test point M(x, y, z) lies exterior to the surface (i.e., outside of the 
attracting mass), then the integrands in the equations 


dap 





VM) =| | WP) 


r Yup 








W(M) = -| [up a ( : \dor 
£ dnp \ rup 

including their derivatives of arbitrary order are continuous functions of 
x,y,z. Therefore the derivatives of the surface potential at the points which 
lie outside of the surface ¥ can be calculated by differentiation under the 
integral sign. Hence it follows on the basis 
of the superposition principle that the sur- 
face potential everywhere outside the at- 
c tracting mass Satisfies the Laplace differential 
equation. The functions (4-5.29) and (4-5.30) 
obviously satisfy the two-dimensional Laplace 

differential equation. 
P At the points on *, the surface potential 
FIG. 61. can be represented by an improper integral. 
If the surface possesses a continuous curva- 
ture, then we can prove directly that the potential of a double layer exists 
at those points of the surface where the curvature is continuous. To give 

the proof for the case of two independent variables 


y 


w =| COSO 73. 

o Tr 

we consider the curve C in the x,y plane and select as the origin of 
coordinates the point P. The x axis coincides with the tangent to the curve, 
the y axis with the normals at this point (Figure 61). In a fixed neighbor- 
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hood of the point P, the equation of the curve can be written in the form 
y= yx). 


Now C, by assumption, has a continuous curvature, i.e., y(x) possesses a 
continuous second derivative. Consequently, 


2 
Hx) = y(0) + xy'0) + Fy'(92x), O<9<1, 
where, because of the special choice of the coordinate axes, it follows that 
_ Loe 
MAN aed (9x) . 


Therefore, we have 








cosy === : 
oy/1 + “|? (9x) | 
2 
and 
cose _ y'"(92) 


Further, for the curvature, 


results from the expression 


Therefore, 


This expression shows the continuity of (cosg)/r along the segments of the 
curve and therefore also the existence of the potentials of the double layer 
at the points of the curve C, provided » is bounded. 

In the three-dimensional case, the potential of the double layer also exists 
at the points of the surface considered, since the function 


COSY 


2 
r 


has an integrable singularity of order l/r. The existence of the potential of 
a Single layer presents no difficulties. 
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7. Liapunov surfaces and curves 


The requirement that the surface » considered possess a finite curvature, 
is considered superfluous for the existence of the corresponding surface 
potential. 

As is known, the potential of the single and the double layer are im- 
proper integrals at the points of Y. We shall show that these integrals for 
a definite class of surfaces, the so-called Liapunov surfaces, converge, if the 
density of the layer is bounded, that is, if |»(P)| < C,C = const. 

A surface ¥ is called a Liapunov surface if the following conditions are 
satisfied: 

1. At each point of » a well-defined normal (tangent plane) exists. 

2. A number d> 0 exists such that the elements Y> of the surface ¥ 
parallel to the normals at any point P of 2 which lie within a sphere of 
radius d about Pdo not intersect ¥ more than once. These surface elements 
“> are called a Liapunov neighborhood. 

3. The angle 7(P, P’)=(np, np) formed by the normals at two points 
P and P’ satisfies the condition 


r(P, P') < Ar’, (4-5.31) 


where ¢ is the distance between the points P and P’, A is a fixed constant, 
andO<6S1. 

Now let P, be an arbitrary point of 2. We then choose a rectangular 
coordinate system whose origin is at P, and whose z axis is in the direction 
of the exterior normal. The x, y plane then coincides with the tangent 
plane at this point. Because of condition (4-5.2), a oo exists such that the 
equation of the surface Y can be written in the form” 


22> Fx, y) , (4-5.32) 
provided 
p=VX +H < po. (4-5.33) 


Now let Yz, be a neighborhood of the point P, on the surface ¥ deter- 
mined by the conditions (4-5.32) and (4-5.33). 

From the existence of the normals at each point on the surface (Con- 
dition 1) the differentiability of f(x, y) follows. The direction cosines of the 
exterior normals, therefore, are given by the formula 


Zz 
cose = —————— cos 8 = 


V1it+24+23 Vitz+z 


2s 66s Se 
V1l¢zt¢2? 


Because of the special choice of our coordinate system, however, 2z,(P,) = 0, 
and z,(P)) = 0. We assume the surface oP; to be so small (1.e., po is sufficiently 
small), that 


98 If the function f(x, y) [in the neighborhood of the point Po has a continuous 
second derivative, then the surface satisfies the Liapunov conditions. Consequently, 
surfaces with continuous curvature belong to the class of Liapunov surfaces. 
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1 1 


Pr ae eee 


(4-5.34) 


Further, we denote by n> the projection of the vectors mp on the x, y plane 
and by a’, 6’ the angles formed by the vectors np with the x axis and the 
y axis, respectively. Obviously then, 


cosa=sinycosa’ cosf=sinysina’. 
Condition (3) now asserts that 


siny <7< Arp, : 





hence 
cosa| < Arbp,, |cosB| < Arbp,, (4-5.35) 
and since 
z,= 28a 7888 with ee. 
cos7 cosy cos7 
then 
lz:|<2Arbe,,  |2z,| < 2Arbp,. 


If we now apply Taylor’s formula to z= f(x, y) in the neighborhood of 
the point P,(0, 0), we obtain 


2(x, y) = 2(0, 0) + xz.(x, ¥) + yz,(Xx, ¥), 


where 


From this follows the estimate 
l2(x, y)| < 4Arze, . (4-5.36) 


The estimates (4-5.34) and (4-5.36) now permit the proof of the proposition 
that the potential of the double layer 


W(My= | [SRP Pdar (4-5.28) 
z 


Y MP 


at points of the surface Y represents a convergent improper integral, pro- 


vided * is a Liapunov surface. Now let M=P, be a point on the surface 
x. If we choose our coordinate system again in the above-described manner, 
we can write the equation of the surface ¥ in the neighborhood of the point 
P, in the form 


= 1-9) 


where the function f(x, y) satisfies the inequalities (4-5.34) and (4-5.36). 
Now if @ is the angle between the direction of the interior normal at 


ae 
the point P(é, 7, ¢) and the direction PP,, then we can easily obtain the 
relation 
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ee 
|cos¢| = |= cosa +— cos fp + cos7 <|cosa|+|cosf| +4 
r r 
s Arr, of Arp + 4Ar hp, a 6Ar pr, 
and 
c0sp | <6, ri . Oeeets (45.37) 








Further, we can write the integral W(M) as the sum of two integrals: 
W=W,+4+ W,. 


Here W, denotes the integral over the surface ¥}, containing the singular 
point P,, and W, is the integral over the remaining part of the surface, 
that is, it is extended over Y — ¥},. For proof of the convergence of W it 
is sufficient to show the convergence of W,, since the integrand of W, re- 
mains finite everywhere. In polar coordinates p= 1/é?+ 7? and @ in the 
x, y plane, 


do = 2621. _ ededo 
cosy cosy 


holds, so that by a transformation of the variables we obtain 


Wi=| , [Penrice = || "SPP 
* Py 





dodo . 

’ PPo o Jo r’ pp, cosy yee 
On the basis of the estimates (4-5.34), (4-5.36), and (4-5.37) and because p < r 
we have for the integrands 


uP) gos g 1 
r cosy 


= F= BAC 
p 
This form of the majorant function F, however, guarantees, in the case 
of two independent variables, the convergence of the improper integrals (see 
Section 4-3). 
It can easily be shown that for a Liapunov surface the potential of a 
single layer 








vim) =| | | Pidde (4-5.26) 
Zz) Yup 





also converges at points of this surface. Let it also be noted that the 
potential for a more comprehensive class of surfaces converges. 

In the two-dimensional case the potential of the single and double layers 
converges at points of the curve considered [see formulas (4-5.29) and (4-5.30)], 
provided this potential exists ona Liapunov curve. The conditions for these 
curves are analogous to Conditions 1-3 for the Liapunov surfaces. 


8. Discontinuities of the potential of a double layer 


We shall now prove that the potential of a double layer at a point P, 
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on the surface X is a discontinuous function, for which the relations 


W +(Po) = W( Po) + 2nv( Po) 


Wa(Po) = W(Po) — 2nv( Po) (4-5.38) 


are valid. Here W,(P)) denotes the limit value of the potential of the 
double layer for an approach to the point P, from the inner side, and W.( Po) 
the limit value for an approach from the exterior side of the surface.” 

In the case of two independent variables, the corresponding formulas 
have the form 


W, (Po) = W(Po) + xv( Po) (4-5.39) 
W (Po) = W(Po) — mu Po) . 


For simplicity, we shall limit ourselves to the proof of these formulas for 
two independent variables. 
The potential of a double layer is represented in this case by the integral 


WM) =| COS OPS: 
o MP 
We begin with an arbitrary element of arc ds, whose end points are P 
and P,. Through the point P we construct a circular arc of radius MP about 


M. This cuts the ray MP, at the point Q@. Then we can write to within 
terms of higher order 


dscosg=dc, — = dw (4-5.40) 


(Figure 62), where ds = PP, and do = PO, while dw denotes the angle by which 
one observes the arc ds from M. The sign of dw coincides with the sign of 
cosg. Consequently, dw >0, provided g (the angle between the interior 


normal at the point P and the vector PM) is less than 2/2, and dw < 0, pro- 
vided g > 2/2. If dw > 0, 1e., o < 2/2, then the point M is seen from the 
‘“Gnterior’’ side, and if dw <0 (g > 2/2), by contrast, it is seen from the 
“exterior’’ side of the curve C. From this it follows that the angle by which 


one sees an arc P,P,, from the point M equals the angle P\MP,, which de- 


scribes the ray MP, when the point traverses the arc P,P,. 
We now consider the potential W° of a double layer with constant 
density » =», =const. The ray MP describes the angle 


2n providing the point M lies in the interior of curve C 
Q=% x providing the point M lies on the curve C 
0 providing the point M lies in the exterior of curve C 


when the point P traverses the entire curve C. From this we find for the 
potential W’: 


99 If XY is an unclosed surface, we have to decide which normal shall be designated 
at the point Py as ‘interior’? and which as ‘‘exterior’’; this choice is completely arbi- 
trary. We have only to observe that for unclosed surfaces the potential] of the double 
layer is defined only for two-sided surfaces. 
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2rVvo providing the point M lies in the interior of curve C 
W° = 2v,=4 nv providing the point M lies on the curve C 
0 providing the point M lies in the exterior of C. 


Therefore, the potential with constant density is a piecewise constant func- 
tion and is given by 
Wr= Wot+n2r 


= Wo —z% 


(4-5.41) 


when Wi, Wo, W*% are the values of potentials in the interior, on the curve, 
and on the exterior of the curve C, respectively. 
Correspondingly, for three independent variables: 


SE OS? = dan, (4-5.42) 


where dw is the solid angle subtended by the element 
do of the surface ¥. Now let do’ be an element of 
the spherical surface which we obtain when we let 
a cone whose vertex is at point M and whose base 
is the surface element do intersect the sphere of 
radius MP about M.-.We then obtain for the spheri- 
cal surface element 


M FIG. 62. do’ =dscos¢. 





From this formula (4-5.42) also follows. The above 
observations with regard to the signs of dw also remain valid here. This 
leads to the relations. 


Arvo provided M@ lies inside of 
W° =v,2=42ny, provided M lies on ¥ 
0 provided @ lies outside of 


by which the piecewise constant function W° is determined. Further, we 
arrive at the formulas 


Wr=WS$+22 and . = WS — 2x (4-5.41') 


in which Wy, W®, denote the values of the potential W° in the interior and 
in the exterior of the surface ¥, while WS is the value of the potential on ». 

We proceed now to the consideration of the potential of a double layer 
with a variable density and show that at the points of continuity of the 
density, relations exist which correspond to formulas (4-5.41) and (4-5.41’). 

Let Py be a point of the surface ¥ at which the function v(P) is con- 
tinuous. Further, let W° be the potential of the double layer with constant 
density » =»(P,). Then the function 


KM) = WM) — WM) =| [oy — wo FL dor , 


r 


as we Can prove immediately, is continuous at the point Py. Therefore, it 
is sufficient to prove the uniform convergence of the integrals JM) at the 
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point Py. Let us prescribe an arbitrary number e > 0. From the continuity 
of oP) at the point P, it follows that for an arbitrary prescribed 7>0a 
neighborhood », exists of Py on the surface ¥, such that 


[o(P) — Po) | < 9 
when P is in ¥,. Now we write the integral (M) in the form 
LS I + i, 


where /, is extended over ¥, and J, over ¥,= 5 —J3,. From the definition 
of ¥, it then follows that 


[Ti | < nBs ’ 
where By is a constant which for all M satisfies the inequality 
| [Selden < Bs (4-5.43) 
z Y uP 


but which does not depend on the choice of the surface %,. More details 
will be given later about this constant. 

If we now select 7 = e/Bs, we know that for every e > 0 there actually 
exists a ¥, containing a P, such that for each point M we have 


| Ii(M)| <e. 


From this, however, follows the uniform convergence of the integral [(M) 
at the point P, and therefore also the continuity at this point. 

If Wi(P.)) and Wa.(P,) are the limit values of the potentials Wy as M-—P 
on X* and 3”, respectively (Y* and ¥~ denote the interior and the exterior 
sides of Y), then 


Wi( Py) = W4(Po) + I(Po) = W°( Po) + I(Po) + 22v9 = W(Po) + 2rv( Po) 
and analogously 
W a(P) = W( Po) — 2rv( Po) . 


Therefore, the validity of (4-5.43) is proved. 

The above proof holds for surfaces which satisfy the boundedness con- 
dition (4-5.43). For convex surfaces in which each ray from the point M@ 
cuts the surface twice at most, we find By < 8x; for surfaces composed of 
a finite number of convex pieces, Bs likewise is bounded. Therefore the 
proof given here holds for a very wide class of surfaces. 

These calculations also remain valid for functions of two independent 
variables, except that here formula (4-5.41) has the form 


Wi(Po) = W(Po) + xv Po) 
Wa(Po) = W(Po) — z(Po) « 
9. Properties of the potential of a single layer 


In contrast to the potential of the double layer, the potential of a single 
layer 
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VM) = | | - jd Pldo pe (4-5.26) 
2: AP 


is continuous at points of the surface ©. For the proof it is sufficient to 
show the uniform convergence of the integrals V(M©) at points of the surface 
. 


If Py is an arbitrary point of the surface ¥, we can write the potential 
V(M) in the form 








v=| | : MP idan + | KPa TEV 
*y 


TMP | Tue 


Where ¥, is a sufficiently small part of © which is contained in a sphere of 
radius 6 about the point P. We shall consider the magnitude of 6 later. 

We consider now a coordinate system whose origin is at the point P, 
and whose z axis is in the direction of the exterior normal at P)». Let M(x, y, z) 
be an arbitrary point whose distance from P,(0,0,0) is equal to MP, < 6. 
Further, let ¥; be the projection of ¥, on the x, y plane and Kx acircle of 
radius 26 about M’(x, vy, z) which lies entirely in S{. If we assume the 
boundedness of the density p(P) 


[u(P)| <A 
and note that 


_ do! __dédy 
cosy cosy 





and 


FaV (ee) (y= oF (2 CP SY ea CP HH ey Se, 
we obtain the estimate 


VM) < a\ | a= Al eee SS 
S,J Tur <; Vix —éEF4+(y— n)* +(z—{)? cosy 





RIVES ea Kg) V(x — 5) + (y= 9 


when 6 is so small that cosy > 1/2. 
Now we introduce the polar coordinates p and ¢ in the x, y plane with 
origin at Af’. Then we can write 


iG 23 (2x 
Vi(M) < 24| \ S48 = 2A\ | Lap? ¢ 4-5 , 
eI VHF toy 
For 6 = ¢/8xA, 
Vi(M) <e, 


when MP, < 6. Consequently, at each point Py on Y, V(M) converges uniform- 
ly and therefore is a continuous function. 

On the other hand, however, the normal derivatives of a single layer 
have discontinuities on Y of the same kind as the potential of a double layer. 
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The exterior and interior normal derivatives of V, that is, dV/du, and 
dV/dn;, are defined as follows. Let P, be an arbitrary point on . Through 
P, we draw the z axis, which then can have the direction of either the ex- 
terior or interior normal. 

We now consider the derivative dV/dz at a 
point on the z axis. We denote by (dV/dz),; and 
(dV/dz), the limit values of the derivative dV/dz 
as the point M approaches the point P, from 5* 
or XS, respectively. If the z axis has the direction 
of the exterior (interior) normal, then this value 
is called the inner (outer) limit value of the deriva- 
tive with respect to the exterior (interior) normal 
at the point P,.'” FIG. 63. 

Now we investigate the discontinuity of the 
inner normal derivative of the potential of the single layer on ©. The deriva- 
tive dV/dz at a point M of the z axis directed along the interior normal is 


equal to 
ohm) [arr 
iS n 








dz 


where ¢ is the angle between the z axis and the vector MP. Now we draw 
through P (Figure 63) the normal PQ and the straight line PN parallel to 
the z axis (the normals at P,). We denote by @ the angle NPQ. This coin- 
cides with the angle between the normals at the points P and P,.*' 

The expression for the potential of the double layer W(M) contains the 
factor cosg/r’ where y = « MPQ. Since the angle MPN equals xz — ¢, 


dor =| | <e* wPiden (45.44) 
z 


2 
Tup Y MP 


cos(x — ¢) = cosycosé + sing sinécos2 = —cos¢, 
where @ is an angle defined by the surface and PQ.’” From this it follows 
that 


ONT ae | | ncosa) LOS? da — | |using cos QU dg 
02 z= r r r 


=— W,— lM) (4-5.45) 
where W,(M) is the potential of the double layer with density p, = pcosé. 


100 The limit value of the difference quotient (V(M) — V(Po))/MPo as M — Py is equal 
to the existing limit value of the derivative with respect to the exterior normal ap- 
proached along the exterior normal, or equal to the limit value of the derivative with 
respect to the interior normal approached along the interior normal, according to the 
manner in which M approaches the point P, when these derivatives are continuous 
along the normal and on Y. 

101 Obviously, as P - Po, g and sin@ approach 0. If the surface in the neighborhood 
of Po has finite curvature, i.e., if its equation can be written in the form z= f(z, y), 
where f(z, y) is twice differentiable, then sing is a function differentiable with re- 
spect to x and y; consequently, sing < Ar (for Liapunov surfaces sing < Ar’). 

102 If the PQ direction is chosen as the axis of a new polar coordinate system, 
then this formula coincides with formula (4-5.13). For the geometrical significance of 
this angle, see footnote 88. 
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W,(M) has discontinuities on ¥. If the integral JM) is a continuous func- 
tion at Py, then (M) converges uniformly at this point (see footnote 101). 

By consideration of formula (4-5.45) we obtain at the points of discon- 
tinuity of uw 


(%) = — Wy Pr) — 2xuy(Ps) — (Pa) 
az T 


(S) = WiP) horn (PY dP. (4-5.46) 


Now we set 


(<) = —W\(P,) — KPa) 
2/0 
-|- | | cos 0) <8? dg -| |x sin@ cos 2 sn? de | 
Z r z r M=Po 


=| [ee da 
PH 


’ PoP 





— 
where ¢ is the angle between the z axis and the vector P,P. If we note 
that t(P,) = UP), then 


av av " 
SA eee, aa er 16 2 
Ga (Sr), nibs) 


(=) -(<) + 2xu(P,) (4-5.47) 
Ony/ a Onr /o 





results, since by convention the z axis has the direction of the interior 
normal. If the z axis is in the direction of the exterior normal, the sign of 
cos¢ changes and we obtain 


(<*) =($,) 4+ 2np(Pr) 
Ons) 1 6n.1/ 


oV aVv 
ca), 7 Gal. = CREAT) (4.5.48) 





In the two-dimensional cases there are corresponding formulas; we have 
only to replace 2a by z. 


10. Application of the surface potential to the solution of 
boundary-value problems 


The surface potential is a convenient analytical tool in the solution of 
boundary-value problems. We consider the interior boundary-value problem 
for a curve C, 

Determine the function #, which is harmonic in the region T, bounded by 
the curve C, and on C satisfies one of the boundary conditions 


first boundary-value problem: ule =f 


second boundary-value problem: a = 
” Ie 


4-5. POTENTIAL THEORY 317 


The exterior boundary-value problem reads correspondingly.'™ 
We write the solution of the first interior boundary-value problem as 
the potential of a double layer 


int) = | Se Pidsr = — | d (In u )APidse . 


Jo Yur odup rsp 








For an arbitrary choice of v(P) the function W(M) satisfies the Laplace 
differential equation interior to C. On C, W(M]) is discontinuous. There- 
fore if the boundary condition is to be fulfilled, we obviously must have 


Wi(Po) = f(Po) - 


By using formula (4-5.41) we obtain the equation 


mu Ps) -+ | SOSP I Plds p = f(Pr) (4-5.49) 


Ja Fro 


for the determination of »(P). If ss and s are the values of the length of 
the ares on C corresponding to the points Py and P, then Eq. (4-5.49) can 
also be written in the form 


ZL 
mu(So) -+ | K(so, s)u(s\ds = (So) , (4-5.50) 
Q 
where L is the length of the curve C and 


F d 1 cos 

K(S0, 8) = ~ (In) nae (4-5.51) 
dnp Yrry rrr 

is the kernel of the integral equation. Here we are dealing with a Fredholm 

integral equation of the second kind.’ For the exterior problem we obtain 

the corresponding equation 


— ru(So) -+ ics , S)u(s)ds = f(So) « (4-5.52) 

For the second boundary-value problem we find the equations 
interior boundary-value problem: — rp(so) + [Kits s)p(s)ds = f(S)  (4-5.53) 
exterior boundary-value problem: TU(So) + [Ais s)u(s)ds = f(s) (4-5.54) 


103 For the formulation of the second boundary-value problem, it makes no difference 
whether in treating the interior or the exterior problem, the inner normal is always 
selected as the normal in the boundary condition. 

10 Linear integral equations with fixed limits of integration are called Fredholm 
equations: 


6 
first type: \ K(x, s)o(s)ds = f(x) 


b 
second type: g(x) + \ K(x, s)e(s\ds = f(x) . 
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where 





Ki&,8)= (in) — £08 40_ (4-5.55) 


On py PP) PP, 


when its solution is written as the potential of a simple layer'® 





u(M)= | In w(P)ds p . 


o up 


The questions which relate to the solvability of these equations will be 
P(s) discussed in Section 4-5 §11. 

In the following we shall treat the boundary-value 
problem for a simply connected region for which the cor- 
responding integral equations are easily solvable. 

1. The first boundary-value problem for the circle. Vf the 
R{(s,) curve C is a circle of radius FR, then the interior normal 





Pp at the point P is in the direction of the diameter and is 
FIG. 64. 
cosg 1 
a) a 


since g is the angle of P,PP’ (Figure 64). The integral equation for the 
function v(s) therefore assumes the form 


1 1 mw ; 
v(So) + a | spuerds = —f(s,). (4-5.56) 


a 
“a 


The solution of this equation is the function 


v(s) = = fis) + A, (4-5.57) 


where A is a constant yet to be determined. If we put this expression for 
the solution in (4-5.56), then 


ee ee 4 aa(=f a A)ds Fay 
Fa xjo2R\ x 7 


a 


from which we obtain for A the expression 


_ 1 
A=-— iP | sleds 
Therefore 
af 1 és 
v(s) = — f(s) iP | Slsids (4-5.58) 


is the solution of the integral equation. 
For the corresponding potential of the double layer we obtain 


105 We easily see that A(so, s) = Ki(s, so). Such kernels are called adjoint and the 
corresponding equations, adjoint integral equations. 
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W(M) =| EOS cide =| Se sis) Se ftsvds |as 
o Yap o UY 1 Ax’R Jo 


If M lies interior to the curve C, then the right side of the last formula is 
transformed as follows 


W = =| COS Ogi = (ae | fisyds)| HOSP 
ut Jo Yr Ax R fal Cc Y 
= =| BO8P Fagg. — Geral f(s\ds) On (4-5.59) 
tu Jeo r An R Cc 


ak cosp 1 
= | (se IR ) sss ; 


Now we see from 4OPM (Figure 65) that 
Kase 1 _ 2Reosp =r _ 2Rreosy =" 
r 2R 2Rr 2Rr’ 
R= pi 
= 4-5.60 
2R[R? + ps — 2Rp.cos( — O)] ee 
Then 
p= Rk’ +r—2Rreos¢. 
Finally, if we substitute expression (4-5.60) for AK into (4-5.59), we obtain 
Poisson’s integral 


1 (2 (R? — po) {(0)d0 
= Wa, 0) =—\ —=— F  ee Ao-G) 
ut (P01 Ao) D7 | Rr? + Po = 2Rpo cos(? — Oo) 


as the sclution of the first boundary-value problem for the circle. 
These considerations show that for every continuous 


P 
function /(¢), a harmonic function is defined by formula 
(4-5.61) which continuously approaches the boundary value 


S(O). _ | 


If f is only piecewise continuous, then the function 
W, because of the properties of the potentials of the 
double layer, also is everywhere continuous where / is 
continuous. Further, from the boundedness of Jf, 


Ifl<c, FIG. 65. 
follows the boundedness of the function W from (4-5.61): 
R— pi 


1 Qn 
Wo, 00) | < C—\ > HC; 
| W(p0 Bo) | , R” 4-95 — 2Rpo COS(O — Oo) ‘ 
then'® 
1 (7 = po 
—). = >? == 1. 4-5.62 
al R’ +4 po _ 2Ri cos(¢ — Go) : 


108 Fquation (4-5.62) results from the fact that the left side represents the solution 
of the first boundary-value problem for f = 1 (see page 281). 
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2. The first boundary-value problem for the half space. Let us determine a 
harmonic function which is everywhere continuous in the half space z2 0, 
assumes a prescribed value f(x, vy) on the boundary z= 0, and at infinity is 
equal to zero. 

We write the solution of this boundary-value problem as the potential of 
a double layer: 








W(x y, 2) = | | | er ué,ydidp, = (x EP + (y— 7) +2? 
In the present case, 
COSGR oS c z 
r = ’ = [Cx =. é/? -E (y poe r)? xe 2°)*/2 ’ 


and for the kernel of the integral equation we find 


1 / cose 
— = 0. 
7a a 2 0 


Therefore, the density of the potential of the double layer is given by 








1 
= fi ; 
v( P) a (P) a 
and the function sought is equal to 
Re ee as 2 7 
u(x, ¥, 2) = x \ CaF ol n)dé dn . 


It can now easily be shown that w(x, y,z) tends to zero uniformly as r = 
Vxt + vy? + 22-0 when f has this property also. 


1]. Boundary-value problems and their equivalent integral 
equations 


In the solution of boundary-value problems for the Laplace differential 
equation with the help of the potentials of the single and double layer we 
arrived at Fredholm integral equations of the second type (4-5.50). 

The conditions for solvability of the Fredholm integral equation of the 
second kind with continuous kernel and bounded (integrable) right side are 
similar to the solvability conditions for systems of linear algebraic equations 
(to which the integral equation leads if the integral is replaced by a correspond- 
ing integral sum). 

The first Fredholm theorem reads as follows: 


Theorem. An inhomogeneous Fredholm integral equation of the second kind 
has one and only one solution if the corresponding homogeneous equation 
has only the zero solution. 


The Fredholm theorem is directly applicable to curves of bounded curva- 
ture, since here the kernel of the integral Eq. (4-5.50) is continuous. 

The Fredholm theory, however, is also applicable if one of the iterated 
kernels 
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KOMP P,) =| [RMP M) K™(M, P») doy 


K"(P, M) = K(P, M) 
is Continuous. 


Theorem. We now prove the theorem: If ¥ is a Liapunov surface, then 
the iterated kernels of the corresponding integral equation are continuous 
from a certain index on. As we have seen earlier, for a Liapunov surface 
we have 
cos @ C 


3 |< 3 - 
ee 








The iterated kernels can be written in the form 


Ki, (Pi , P») = | [ Kur. MKM, P,)dox : 
By 


If 
C; 
| Kil <-ear (7;= PM, ai>d, = 1,2). 
then 
C 
| Kis 2l <rerar for ato <2, Y= PiPs. 


Obviously, it is sufficient to prove this estimate for the case in which the 
point P, lies in the Liapunov neighborhood *, of the point P,. Therefore, 
instead of the integrals over 2%), we can consider the integral over the pro- 
jection S, of this neighborhood on the tangent plane at the point P,, since 


oP, M) 


l= 
~ (P,M) 


=B>0, 

(where o(P, M) is the distance between the pro- 
jections of P and M on the tangent plane, B is a 
certain constant), and since the relationda = dS/ cosy 
exists between the surface element do and its pro- 
jection dS; then according to formula (4-5.34), 








cosy > 1/2. 
The following lemma holds for a plane region: FIG. 66. 
If 
C3 
| Ki | < 2- Oy , 
‘% 
then 


= 


2—-a@ ae * 





| | KP, KM, Pods dy|< 
Sp r 


Let R be the diameter of the region S,. Then we split the integral J 
into the integral J,, over a circle G, of radius 27 about P,, and J/,, over the 
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remaining region G, (Figure 66). Now for a point M lying in Gz we find 


gett 4 (nSm+rs2n, nentrsnt oa). 


There results for J, the estimate 
Cs 


2-@\;-@2 ? 


2x Rk 1 r 
| | ara; Naride < 
0 Jar 7) 
CR ; ay + a2 > 2 . 


at+a,<2 
|| < 4C,C, 





Further, if we introduce in /, the substitution 


rx! 
x i 


te R 


4 


then we obtain 


pais 





are |, pest 
In the last integral, extended over the circle Gi of radius 27, 7; is the dis- 
tance from the center and r; is the distance from the bisection point of 
the radius. Consequently, this integral converges, i.e., it does not depend 
on ¢. 

From this it follows that 


-@\-a@o * 


ieee 
Yr 


Now if we set C; + C,=C, then we obtain the sought inequalities: 
G 
= s=aien | 


Pipe us 
CR®* +0272 ; ay + Ae > 2 . 


a+a,<2 


Accordingly, from a certain index on, the integral, which can be represented 
by the iterated kernel, is bounded and converges uniformly, i.e., they are 
continuous functions of their arguments. 

With the use of the first Fredholm theorem we shall now prove that 
the integral Eq. (4-5.50) has exactly one solution. 

We limit ourselves here to the consideration of convex curves which 
contain no straight line elements. In this case, the kernel of Eq. (4-5.50) is 
not negative, since 


K(P), P)dsp = do , 


where dw is the angle formed by the arc dsp as seen from the point Pp. 
We consider the first interior boundary-value problem. The homogene- 
ous integral equation corresponding to Eq. (4-5.50) has the form 


su(ss) + |"K(s0, 9) (s)ds = 0. (4-5.63) 
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As we have already seen (Section 4-5 §8), we have the relation 


L 
| Kiso, s)ds=z2. 
0 
With the help of this expression we can write the homogeneous Eq. (4-5.63) 
in the form 
7 A 
| {v(so) + v(s)] A(so, s)ds =O. (4-5.64) 
0 
Now let Pe (so) be a point of the curve C at which the function |v(s) | 
assumes its maximum. Then the sum v(s¢) + (s) has a constant sign. If 
now in (4-5.64) we set so = so and note that K(s),s) =0, we obtain 


v(so) + u(s) = 0 or v(s) = — v{(so) . 


This result, however, contradicts the continuity at the point s¢, if only 
v(so) # 0. 

Consequently, the homogeneous Eq. (4-5.63) possesses only the zero solution 
so that the inhomogeneous equation for an arbitrary f(s) has exactly one solu- 
tion.’” 

The exterior second boundary-value problem leads, as we have already 
seen (Section 4-5§10), to the integral equation 


7 pX(So) + (' K,i(So, 8) #(s)ds = f(5o) , (4-5.54) 


whose kernel K;, (so, s) iS adjoint to the kernel K (sy, s), i.e., K, (5s), s) = K(s, So) 
now holds. 
We shall now consider the second Fredholm theorem, which reads: 


Theorem. The number of linearly independent solutions of a homogeneous 
Fredholm integral equation is equal to the number of linearly independent 
solutions of the adjoint equation. 


According to this theorem, the solution of Eq. (4-5.54) is uniquely defined. 
The exterior first boundary-value problem corresponds to the integral equation 


—nv(So) + \ K (so, s)uv(s)ds = f (Sp) . (4-5.52) 


0 


The homogeneous equation (f= 0) can, on the basis of the above considerations, 
be reduced to the form 


|" [v(so) — v(s)] K (so, s)ds=0. (4-5.65) 


If so is a point at which |»(s)| assumes its maximum, then 
v(so) = v(s) 
results from (4-5.61). Therefore 


107 If straight line boundary elements are present, then the considerations are some- 
what complicated but present no special difficulties. 
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v(s) = const.= vo 


is the single solution of the homogeneous equation. On the basis of the second 
Fredholm theorem, therefore, the adjoint homogeneous equation has exactly one 
solution. 

The third Fredholm theorem reads: 


Theorem. If a homogeneous integral equation 
6 
g(x) = | K(x, s)g(s)ds 


possesses & linearly independent solutions, g;(x) (¢=1,2,---,#), then the in- 
homogeneous adjoint equation 


6 
f(x) = | K(s, x) ¢(s)ds + f(x) 


has solutions when 


6 
| Sedx)de =0. 

If we apply the third Fredholm theorem to’ Eq. (4-5.53), which corresponds 
to the interior second boundary-value problem, then we obtain 


(' F(s)ds =0 (4-5.66) 


as a solvability condition for this problem. We have already encountered this 
condition in Section 4-5 § 1. 

The solvability condition for the exterior first boundary-value problem has 
the form 


|" f(s) h(s)ds =0, (4-5.67) 


where h(s) is the solution of the homogeneous problem corresponding to (4-5.53). 
We shall discuss briefly the physical significance of this function. 

Let a cylindrical conductor, with cross section S, be charged up to a fixed 
potential V). The total charge on the conductor is found on its surface; / (s) is 
the density of the surface charges. The potential produced by the surface 
charges is then the potential of a simple layer with the density / (s) and can be 
represented by formula (4-5.29). The normal derivative for an approach from 
inside the conductor is equal to 0, since there V= const. Therefore /:(s) satis- 
fies the homogeneous Eq. (4-5.53) and is proportional to the above-introduced 
function h(s), whereby the physical significance of this function is made 
clear. 

In conclusion, we can state that the integral equations to which the bounda- 
ry-value problems considered here lead are always solvable for the interior first 
and exterior second boundary-value problems, whereas the interior second and 
exterior first boundary-value problems must satisfy the conditions (4-5.66) and 
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(4-5.67). We shall not investigate the questions regarding the solvability 
of the remaining boundary-value problems.’” 


4-6. THE DIFFERENCE METHOD 


1. The difference method for the Laplace differential equation 


In cases in which no analytical expression for the solution can be given, 
then besides considering the numerical methods for the solution of the corre- 
sponding integral equations, we can also go back to difference equations which 
arise from the differential equation. 

Fora function of a single variable y = f(x), instead of the second derivative 
we can use the difference quotient 


al LAL) eh = fel ie) = fen) 
h? h h h | h? 
Here 4*f = f(x+h) — f(x) is the first right-sided and 4-f= f(x) — f(x—h) is the 


first left-sided difference. In the case of two independent ns the second 
differences read 





4i,u = ulx+h, y) + u(x—h, y) — 2u(x, y) 
Ajyet = u(x, yth) + u(x, y—h) — 2ulx, y). 


The difference quotient for the Laplace differential expression obviously 
then has the form 


Ant _ uxth, y) tux, yth) +ulx—h, y) tux, y—h) — 4ulx, y) 
kh? —_— h? e 





(4-6.2) 


The transition from a differential equation to a difference equation corre- 
sponds to the transition from a continuous argument to a discrete argument. 

We take now anarbitrary positive num- 
ber hk and construct a network in the x, y plane 
consisting of two systems of straight lines at 
right angles to each other, the lines of which 
are at a distance A from each other (Figure 67), 
and consider only the values of the function 
at the net points. 

In the following we shall treat the first 

















boundary-value problem for the Laplace dif- CERES EE EEE 


ferential equation in a region S, which is 
bounded by the curve C. OnC let a bounded 
continuous function f be prescribed. 





108 For further details, see, for example, I. G. Petrovski, Lectures on Partial Dif- 
ferential Equations, Interscience, 1954. 
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For the difference method, the given region S is replaced by a network 
region S, which approximates S. We assume that the region S, consists of 
those squares of our network which lie entirely in S (one could also have 
chosen as the approximating region S, the totality of all the squares of the 
network which have at least one point in common with S). Let C, be the 
straight line segments bounding the region S,. Obviously the distance of 
each corner point of C, from the curve C does not exceed hY 2. 

Now at the corner points of C, we define a boundary function f;,, which we 
take at each of these corner points to be equal to the value of the function f at 
the nearest point of the boundary C (or at one or more of the closest neighboring 
points if there are several).'® 

The first boundary-value problem for the difference equation corresponding 
to the Laplace differential equation can then be formulated as follows: 

Determine a function which at the net points Mi,(x;, y,) interior to the 
region S, satisfies the Laplace difference equation 


Cp) (Ch) (kh) (rh) (h) 
Misi, Ui sit Up, et Ui pi 4 =O, (4-6.3) 
where 
(h) 
Mink = U(Xz, Ve) 


and assumes the value f; on Cy. 

For the solution of this problem we must determine the value of the net 
function u;*t at the interior net points My, of the region S,, and at each interior 
net point M;, the difference Eq. (4-6.3) must be satisfied. Thus we obtain for 
the determination of the net function a system of algebraic equations of the 
first order whose number equals the number of the unknowns. 

The system of difference equations possesses exactly one solution. 

To prove this proposition it is sufficient to show that the corresponding 
homogeneous system possesses only the trivial solution. 

The system of difference equations is asystem of inhomogeneous equations, 
since the values w;,, at the corner points of C, are prescribed and are equal to the 
values of /,. The transition to the homogeneous system is therefore equivalent 
to the boundary function being everywhere equal to zero, f, =0. We shall 
show that in this case the solution of the difference system at all the net points 
of the region S, is equal to zero. 

Suppose a value 2;,, # 0 exists; without loss of generality we can assume 


Ui %, > 0. 

Further, let «;,,,4, be the maximum of our net function, so that 
Ui k S Mig, ky 

at all points of My, in S,. However, the equation 


= Na iy ET gg a ey A Te, eg 
Mane ee 


109 The degree of arbitrariness in the selection can, because of the continuity of f, 
be made arbitrary small, when hk is chosen sufficiently small. 
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can hold only when 
Uig-1, kg = Mig, kg—t = Uigtt, ko = Mig, kott = Hig, ko 


Proceding in this way for tij+1.%9) @Migt2.ko. Tespectively, we finally arrive at a 
boundary point and thus obtain a contradiction since, by assumption, the bounda- 
ry values are equal to zero. Also, the assumption 1;,,%, < 0 leads to a contra- 
diction. 

From this it follows that 


“4:4 =09 


at all interior points of the region S, i.e., the homogeneous difference system has 
only the trivial solution. Simultaneously, the uniqueness of the solution of 
the first boundary-value problem for the difference equations corresponding to 
the Laplace differential equation is proved. 

If we solve the difference equation, the net function results as an approxi- 
mate solution of the original problem for the Laplace differential equation. 


2. The method of successive approximation for the solution of 


difference equations 


The difference method in the present case consists of finding, instead of the 
solution of a boundary-value problem for the Laplace differential equation 4u= 
0, the solution of the boundary-value problem for the corresponding difference 
equation. For the basis of this method one has to prove that for sufficiently 
small h, the function zw, differs arbitrarily little from uw, the exact solution of the 
equation 4%=0. We will not go into the proof of this here.’'® 

Instead, we shall consider in more detail the methods for the solution of dif- 
ference equations. The solution of the boundary-value problem by means of 
the difference method leads to the solution of a system of algebraic equations 
with many unknowns, of which there can be hundreds and even thousands. 
The solution of such systems using the methods of determinant theory gives rise 
to severe technical computational difficulties. On the other hand, the method 
of successive approximations is essentially more suitable. 

For systems of linear algebraic equations the method of successive approxi- 
mations proceeds as follows. 

We write the existing system of equations in the form 


ay = fir — (Qgtt, +++ -+Qinltn) 
ty = fo — (Agitty +++> +Genttn) (4-6.4) 


thn = fn — (Qaitlr be ++ +@n,n—-1tln-1) « 


First we choose numbers zt, #2,:-*, «% as the zero-th approximation and sub- 
stitute these in the right side of the Eq. (4-6.4); then we obtain the first approx- 
imation 2,', wo'',++, w,!’. We continue this process. The (k+1)-th approxi- 


110 See I. G. Petrovski, op. cit., fn. 109. 
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mation then can be calculated from the formulas 


= ( 
eer = fy — (Ayo) + +++ + anus) 


Usk = fy — (Anat + +++ +@oqlnt?) 


(k) 
urery _ tn a (aqu{”?) + eon +4n, n-1 Un—1) . 
Now if the successive approximations {uw} always converge towards a limit 


value 


limu = u,, 
k-@ 
then these limit values are the sought solutions of the systems (4-6.4). 

The method of successive approximations is not applicable to every system 
of equations. However, it can be used to solve the first boundary-value problem 
for the system of difference equations 4,4=0. The system of algebraic 
equations which correspond to the equations 4,4 =0, has the form 

uit) = ith, a+ ibe oh us. BE Usp 
Bk. |, pe ee eee 
4 
where each equation is solved for the corresponding unknowns. 

We begin the successive approximation on the boundary on which the 
boundary values are prescribed. By C,! we denote the totality of the net points 
of the region S,, which are at a distance /# from the corner points of the bounda- 
ry C,. Tocarry out the successive approximations at the points on C¢, the 
values of f, given on C, will be used directly. Further, we denote by C,” the 
totality of the net points of S, which are at a distance h from C4”. The succes- 
sive approximations of C” are carried out using the values ;"} on Ci. Corre- 
spondingly, we define the ‘‘zones’’ Ci’, C;*’,---. Then the last of each of the 
net points in S, belongs to one of the zones Ci”, ({=1,2,---, N). WN is the 
number of the last zone C4”). 

Now let w;,; be the exact solution of the system of difference equations and 
us", the nth approximation of this system. Then the difference 

Dk = Use — ty 
on C, is equal to zero, whereas in the interior of S, the equations 


(n—1) (n—-1) (n—1) (n—1) 


yi) — Vise + Dike t Vink + UE HI (4-6.5) 
4 
hold. 
We prove that the difference sequence {v{",} approaches zero: 
lim of", =0. 


Thus, we set max v;"; = A, and estimate the (# + 1)-th approximation. Obvi- 


ously, 


(n4+1) 3 (1) 
Ven aan on h 
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holds, since in this case at least one of the summands in (4-6.5) is equal to zero. 
From this it follows that 


uns (—a)A, on Ce, 


and, in general, 


ves (2 - a4. on ae 


For the last zone C,”’ we thus obtain 


vs (1- TAs on Ch", 


Therefore, 


i.e., limA,=—0. 


N00 


If now we set min v;", = B,, we can similarly obtain 


lim B, =0. 


now 


Consequently, 


‘é . (n) 
limvit=0 or limi, =uaie 


no N20 


for all points M;.4(x:, yz) in Sa. 


The convergence proved here is valid for an arbitrary choice of the zero-th 
approximation. However, the degree of convergence (speed of convergence, 
etc.) depends strongly on the choice of the zero-th approximation. 


3. Electronic integrators 


In recent times several mathematical machines have been used for the 
solution of systems of difference equations. 
The construction of these machines is based 
on the analogies that exist between different 
physical processes which are described by 
one and the same differential equation. 

For the solution of the Laplace differen- 
tial equation (and also certain complicated 
equations) electronic integrators are often 
used. To investigate one of the simplest 
electrical systems for the solution of the 
Laplace differential equation (which was con- 
sidered by Gerschgorin), we consider a net- 
work of equal ohmic resistances. One of its components is shown in Figure 68. 
Let V; be the potential at the point M;, and j; the current in M,M;. 
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From Ohm’s law 


and Kirchhoff’s law 
Ntpethst p= 
there results 


Vit Vit Vat Vi 


Y= 4 


Therefore the potential at an arbitrary net point of a compound electrical 
system of resistances is equal to the arithmetic mean of the potential at the four 
neighboring points. This relation, which corresponds to Eq. (4-6.5) of the dif- 
ference method described above, is of fundamental significance for the electro- 
nic integration of the Laplace differential equation. 

The simplest electronic integrator consists of a sheet in which the elements 
are suitably arranged. Between the elements are found equal resistances. For 
example, let us consider the first boundary value problem for a region S of the 
x,y plane. Let C be the boundary of S. 

We then choose, in the x, y plane, a network with distance h and construct 
in the above-described manner the region S, with boundary C,. At the net 
points of the boundary C,, by means of a special voltage distribution we apply 
voltages which correspond to the boundary conditions of the first boundary- 
value problem. The voltage distribution then obtained yields an approximate 
solution of the problem. 

In certain integrators the resistance between the individual net points can 
be varied. In this manner we find that equations with variable coefficients of 


the form 
fe] (4 ae) + # (Agr) =0 
Ox Ox oy oy 


ki =ki(x, y), k, = k2(x, y) 


can be solved. Such electronic integrators were constructed by L. Ya. Guten- 
macher. Also, for complicated regions of the x, y plane these integrators make 
it possible to obtain a rapid solution of boundary-value problems. 

Still other methods exist for the machine integration of the Laplace dif- 
ferential equation—for example, the method of electrolytic tanks. 








with 


Problems 


1. Find the function « which is harmonic ina circle of radius @ and on the cir- 
cumference C assumes the value 


(a) tule =Acosg 
(b) ule =A+Bsing. 
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2. Solve the Laplace differential equation 4a =0 in a rectangle OS x <a, 
0 =y <6 with the boundary conditions 


Ulr-o =Sily) , a5 =f). ian 0, ular =O. 


Show that the formulas derived here define the solution of the problem for every 
piecewise continuous function which is prescribed on the boundary. Further, 
solve the problem for the special case 


fly) = Ay(b—y), file) = Boosa—x,  fa= f= 0. 
3. Solve the equation 4% =1 for a circle of radius @ with the boundary con- 
dition #|p-.=0. 
4. Solve the equation 44 = Axy for a circle of radius @ with center at (0, 0) for 
the boundary condition #|p=.=0. 
5. Determine the solution of the differential equation 4u = A+ B(x’ — y*)ina 
circular ringaspSbif 

, = Ae ou 


p=a dp p=d 


=O 


The origin of coordinates is at the center of the ring. 

6. Construct the Green’s function of the Laplace differential equation (first 
boundary-value problem) for (a) a half circle; (b) a ring; (c) alayer (OSz/). 
7. Determine a harmonic function in a ring where a<p<b, which satisfies 
the boundary conditions 


U|p=a = tilg) ’ U|p=s = Srl¢) : 


8. Determine the solution of the Laplace differential equation du =0 in the 
half plane y = 0 with the boundary conditions 


HES Oe tu for x <0 


Uo for x>0 


9. Find a function «(p, g) which is harmonic in a spherical sector p< a,0 So 
< gy, and satisfies the boundary conditions 


(a) tle=-0= M1, U|lg=ey = A> it |s=e = G2 (q, and qz are constants) 
(b)  tly-o=Ule=—=9, Ulp-a=S(¢).« 
10. By the difference method solve the first boundary-value problem for 4u = 0 


ina rectangleO <x <Sa,0S5 y <5), with each side of the rectangle divided into 
eight equal parts. The boundary conditions read: 


leo = F( -4), u“ lo = — sin x, Ut |r-a = Uy =O. 
Compare the results with the analytical solution. 

11. Calculate the spatial potential of a sphere of constant density p = po. Hint: 
Solve fa =0 in the exterior of the sphere and Ju=4zp, in the interior of the 
sphere and match the solutions on the sphere. 

12. Determine the potential of a simple layer distributed on a sphere with 
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density v=»). Hint: Solve Ju =0 in the exterior and in the interior of a sphere, 
and for the matching of the solutions on the spherical surface use the condition 
that the potential of a simple layer is discontinuous across the surface. 
13. Solve the first boundary-value problem for a bounded circular cylinder 
(oesa,0S2zS)): 

(a) On the end surfaces of the cylinder let the boundary value (first or second 
type) be equal to zero, while on the lateral surface it must satisfy 


U |p=e = S (2) . 


(6) On the lateral surface and on one of the end surfaces let the boundary value 
(first or second type) be equal to zero, while on the other end surface of the 
cylinder the condition is 


w= f(p), 


for example, f(p) = Ap(1 — (p/a)). 
14. Solve the inhomogeneous equation 


4u=—f 


in an unbounded cylindrical region with homogeneous boundary conditions (first 
or second type) and construct the Green’s function. 

15. Find a harmonic function in the interior of a sphere which is equal to z, on 
one half of the spherical surface and zw, on the other half. 

16. Calculate for the density the series development using spherical functions 
for the charges induced on the surface of a conducting sphere due to a point 
charge. 

17. Solve the problem of the polarization of a dielectric sphere ina field due to 
a point charge. 

18. Determine the gravitation potential of a plane disc. Compare the solution 
with the asymptotic representation of the gravitation potential at large dis- 
tances. 

19. Find the magnetic potential of a circular current. 

20. Solve the problem of the excitation of a plane-parallel electrical field for an 
ideal conducting sphere. Solve the same problem for a completely nonconduct- 
ing sphere. 
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1. Asymptotic representation of the spatial potentials 


For the investigation of the spatial potential 


vi) = || 


oT 


| oe cc MPa (4-7.1) 
d 

at large distances from a body 7, we usually take the value of the potential as 

equal to a/R, where 2 is the total mass of 7 and R is the distance of the center 

of gravity from the exterior point 17. We shall now derive an exact asymptotic 


4-7, APPLICATIONS TO CHAPTER 4 333 


representation for V."” 

Let ¥ be a sphere about the origin which entirely contains the body P. Its 
center is at the origin of the coordinates. Outside this sphere the potential is a 
harmonic function. 

The distance of the test point M(x, y,z) from the variable source points 
M(x1, y1,21:) in T (Figure 69), over which we integrate, is given by 


d=Vrirn—2rrcosé, r=OM, n=OM,, (4-7.2) 
from which 
1 1 ] QT) 
eee ee = = ; 4-73 
d r Vita? —2ap ’ zs Yr cone ( ) 
7, <r means a < 1; we therefore have the development 
1 | ae oe 
FT Fe Pale) s (4-7.4) 
Y n=0 


where P,(#) is the Legendre polynomial of th order.* If we substitute this 
expression into formula (4-7.1) and note that 1/r does not depend on the varia- 
bles of integration, we obtain 


V(M) =—|| | oS aPalulds = Vi Ve Vee 
rj 25 


7 \\, | : i( )de 3 \\ | ?7 iP2(u)dz + Secs 
r T 
( f .9) 


The first member here is equal to m/r, where m is the total mass of the body. 
This yields a first approximation for the calculation of the potential for large r. 

We now calculate the following terms in (4-7.5)._ The integrand of the second 
member is 


= pr,cos0 = PIA SOD YU Pee 


PPi(y)ri = pen ; 


The quantities x, y, z, and xy do not depend on the variables of integration and 
can therefore be placed in front of the integral sign. Then the second term 
takes the form 


1 = 
= \\ | oni Py(u)dt ar (Mix + Moy + Mgz) = Mx + yy + 22), 
T 


where 


M= \{ | exde = Mz, M, = \\ | eds = My 
T r 
tn ff fae 
T 


11. V,1, Smirnov, Part Ile, op. cit. fn. 15. 
* See Whitaker and Watson, also Bateman in List of References 
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is the moment of the first order and x, ¥, Zare the coordinates of the center of 
gravity. Therefore, the second term is as small as l/r’. If the origin of the 
coordinates is at the center of gravity (x =0, y=0,Z=0), then V.=0. 

We consider now the third term of the development. For the integrand, 
we have 


2 2 2 2 
eriP(u) =pri aaa, 5 bes pri SGA icPa viet Ze) Sar 





me [3(xi.x + yy + z2)*— rir’| : 
With the notations 


Mu = \\ | oxide (x=x1, yrx, Z = Xs) 
Wi 
we obtain for V; the expression 


Vow \\ | prtPalwlde 
T 


1 
2r° 
+ z'[3Mas = (Mi, + My + M43) } + 2-3xyMi. + 2-3xzM,, + 2:3yzMos} . 


{x[3M,, — (Mi, + Mo + Mszs)) + y[3Me2 — (Mi, + Moz + Ms4;)) 





The polynomial inside the braces is harmonic, since it can be written in the 
form 





V3= os {(x? — y*) [Mir — Moz] + (2? —x*) [Mu — Mos] 


+ (y? = Zz) [Moz — M33) + 6[xyMi, + xzMi3 + yzMy)} 
in which each summand satisfies the Laplace differential equation. The co- 
efficients standing in the square brackets can be expressed in terms of the 


moment of inertia with respect to the coordinate axes. The moment of inertia 
of a body T with respect to the x axis, as is known, is given by 


A= \| | ely + zijdt = Mi.+ May. 
T 


Correspondingly, the moments of inertia with respect to the y and z axes are, 
respectively, 
B=My+ Mu, C=M,4+ Me. 
From this it follows, however, that 
Mi,—-Myn=B-—A, My,—My=C—A, M2—My=C—B. 
Therefore we arrive at the following asymptotic representation of the 
spatial potential: 





Vis Bak + 97 + 22) + 55 (la — BA) + t= ZC —B) 


+ (2° — x°)(A — C) + 6(xyMi2 + yzMos + 2xMsi))} (4-7.6) 
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which is exact up to terms of the order of I/r’. 
The representation (4-7.6) can be simplified to 





Vx oe (t= B= A+ 8 =2)C- B+ —FVA-O}, (47.7) 
provided the origin of the coordinates 
coincides with the center of gravity and 
the coordinate axes have the direction of 
the principal axes of inertia. 

This asymptotic representation of the 
spatial potential permits us to give the 
answers to a series of questions on the 
inverse problem of potential theory. This 
consists of determining the characteristic 
quantities of a body from its potential (or 
fromany of the derivatives of its potentials). 
That is, from the coefficients of the develop- FIG. 69. 
ment (4-7.6), we can calculate the mass, 
the coordinates of the center of gravity, and the moment of inertia. 





2. Problems of electrostatics 


In electrostatics the solution of Maxwell’s equations leads to the determi- 
nation of a scalar function, the potential g. Between ¢ and the electrical field 
strength E there exists the relation 


E=-—grad¢. 
By using Maxwell’s equation 
div E = 4zp 
we obtain 
4p = —Anp. 


Therefore, the potential at points of space at which electrical charges are found 
satisfies the Poisson differential equation, and at points where no charges are 
found it satisfies the Laplace differential equation. 

1. The basic problem of electrostatics is to determine the field which is 
produced by a system of charges ona given conductor. Two different formu- 
lations of this problem are possible. 

(a) Given the potential of the conductor, determine the field exterior to 
the conductor and the charge density on the conductor. The mathematical 
formulation here reads as follows: 

Determine the function g which satisfies the Laplace differential equation 
4g = 0 everywhere exterior to the given conducting system, vanishes at in- 
finity, and on the conducting surface assumes the prescribed value 4;: 


¢ |s;= Gi- 
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In this case, therefore, we arrive at the first boundary-value problem for the 
Laplace differential equation. Its unique solvability results from the general 
theory discussed above. 

(b) The inverse statement of the problem is also possible, i.e., given the 
total charges on the conductor, determine its potential, the charge distribution 
on its surface, and the field in the interior of the conductor. The solution of 
this problem leads to the following problem: 

Determine a function » which satisfies the Laplace differential equation 


4p =0 
exterior to the given conducting system, vanishes at infinity, and on the surface 
of the conductor assumes a certain constant value 


y |s; = const. 


and also satisfies the condition 


§ 0% = —4re;. 
S; on 


Here e; is the total charge on the 7th conductor. 

2. The unique solvability of the secondary-value problem does not result 
from the general theory; however, it can easily’ be proved. 

Let us assume that there are two distinct solutions ¢, and y, of Problem (0) 
above. Then their difference 


i 


G = Pi— Ye 
satisfies the equation 
dy' =0 
and the conditions 
0 / 
y’ |s; = const. , § YP is =0, ¢G la=0.. 
s; On 


We imagine the given conductor to be completely enclosed by a sphere 2» of 
sufficiently large radius R and apply to gy’ the first Green’s formula in the 
region 7, bounded by the surface of the sphere ¥, and the conducting surfaces 


Si 





rs] i n 0 ? 
? de +2 | SP do. 
on t=1 


yd = ! 
\,(70 |. Sy 3 on 


From this, because of the above conditions,''? we obtain 


lim | (rode =0. 
TR 


R-2@ 


112 As a consequence of the condition g’|.2=0, the function gy’ is regular at in- 
finity (see page 270); then 


Ninf 
\ Ge aes ® toe RSS. 
+R on 
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Since the integrand is positive it follows that 
re'=0 
or 
gy’ = const. 
everywhere in the region under consideration. By considering the condition 
p' |o=90 


we finally obtain 


and hence the uniqueness is proved. 

3. From the uniqueness of the solution of the boundary-value problem for 
the Laplace differential equation it follows that the potential g of an individual 
conductor is directly proportional to its total charge e, 1.c., 

elp=C. 


Therefore, if the charges e and ec’ = me lic entirely on a single conductor, then 
the corresponding potentials g and ¢’ must satisfy the equations 


4e=0, Ayg' =0 


and the boundary conditions 


1 ay 1 dg! 
eer Me nance, AOE eae 
re § an oe rs eee do = me 


Consequently, o’ — mg =0, ie., g’/g =e'le. 
On the surface of a single conductor we therefore have 
e'/g' = e/p = C = const. 


The constant C is called the capacity of the single conductor. It does not depend 
on the charge on the conductor but is determined by its shape and size. There- 
fore, the relation 


e=Coy 


exists for a single conductor. The capacity of an individual conductor is 
numerically equal to the charge when the potential of the conductor is equal to 
unity. If, in addition to the given conductor, still another conductor is present, 
its potential depends essentially on the shape and distribution of charges on the 
other conductor; indeed, for a system of conductors we have 


Qn Cui + Ci2(2 os %1) free t CinlGn = $1) 
C2 Cali = Q2) + Cre aia ConlOn or (2) 


Ca CuO — Qn) + Carle — Qn) a is +CanPn 


where e; and ¢; are the charge and the potential, respectively, of the 7th 
conductor. The coefficient Cy is the ‘‘partial capacity’? of the 7th conductor 
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with respect to the kth conductor. C;, can be defined numerically as the 
charge which must reside on the zth conductor in order for the Ath conductor 
to maintain the potential when all the remaining potentials become zero. 

4, The matrix of coefficients Cy, is symmetric: 


Cy = Cri . 
For simplicity we shall consider the case of two conductors; for a larger 


number of conductors the proof proceeds analogously. 
Given two conductors @ and 8, the determination of the coefficients C., 








and Cy. leads to the determination of the solutions wu"? and uw of the equa- 
tions 4u"?=0 and 4u"’=0, which satisfy the boundary conditions 
u's, =0 : Tuas eal : u'|.=0 
(1) 
SG, Ei Ee, 
An Se on 
a 1, ie \g= 0; u™1.=0 
(2) 
Sf Se ace. 
dn Sp on 


Now let Xx be a sphere of sufficiently large radius R which encloses 
both conductors a and 6. Then we apply the Green’s formula to the functions 
uw and uw’ in the region Tp lying between the surface of sphere +, and the 


conductor surfaces S, and S;: 


(2) (1) 
(uw ou —y4"? ou ) 
EptSatSb on on 


The integral on the left side of this equation vanishes. By using the 
boundary conditions and the conditions at infinity we therefore obtain 


(2) (1) 
| ou Anes ou Beh 
sy on Sq On 


or Cas Ta Cre , 


which was to be proved. 

5. Asaconcrete example we shall consider the field of a charged sphere. 
On the surface of a charged sphere of radius a let the potential gy be given. 
The field and the charge density (see Problem 1 above) on the sphere can 
be represented by 


| (u 4u™ —u™ Au de = | 
TR 








g=a and 


= 5 = T, —— aaa yr>a). 
ve a eae “a ry ( ) 
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i.e., in absolute units the capacity of a sphere is numerically equal to its 
radius. 

As another example, we shall investigate the spherical condenser (a 
system of two concentric conducting spherical surfaces). 

The inner sphere has the radius 7, and the potential V,; the outer sphere 
has a radius 7, and is grounded. Then the determination of the field inside 
of the condenser amounts to the determination of the function g which 
satisfies the equation 


4e = 0 
and the conditions 


glr,= Vo, gl,=O0. 


As one can easily see, in this case 


eapet ss v.(—-=) . 
T2—T r T2 


so that the spherical condenser has the capacity 


Tile 


C= : 
T2—T, 


A complicated problem is represented by the calculation of the potential 
of a sphere when the second sphere is not concentric to the first. This 
problem is solved with the help of the method of images. Since the analy- 
tical solution is quite extensive, we shall not go into it here.’ 

The first sphere can be mapped onto a plane by means of an inversion.’ 
We shall now show that by means of a second inversion the determination 
of the potential of a plane surface and of a sphere leads to the calculation 
of the potential of a system of two concentric conducting spheres. 

For our purposes it is sufficient to consider, instead of a plane surface 
and a sphere, a straight line F and a circle K with the center 0 and radius 


14 





FIG. 70 


113 See Ph. Frank and R. v. Mises, Differential and Integral Equations of Mechanics 
and Physics, Vol. II, Braunschweig, 1937, p. 713. 
14 Ibid. 
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p (Figure 70). From the point 0 we drop the perpendicular OF on the straight 
line & (let J be the length of OF) and from the point F draw the tangent 
FD to the circle K. With FD as a radius we let the point F trace a circle 
H, which cuts the extension of the perpendicular line OF at a point S. We 
choose the point S as the center of the inversion. 

By this inversion, the straight line L = SO, which cuts the circle K at 
the point A, and the circle H are transformed into the straight line L and H 
perpendicular to each other, while the straight line & and the circle A are 
transformed into the circles E and K. 

Since orthogonality is preserved under an inversion, the circles E and K 
must be orthogonal to the straight lines L and H. This is possible, how- 
ever, only when the centers of the circles E and K coincide with the inter- 
section point B of the straight lines L and A. 

Consequently, the given inversion transforms the straight line and the 
circle into a pair of concentric circles. 

By some simple calculations we find the radii of the circles K and E: 


V 12»? — (l— p) 1 


"D/H pA VE el Bp 
Thus 
1 
C= ———— ees 
nee 


6. As an example of another two-dimensional problem, we shall in- 
vestigate a cylindrical condenser which is formed of two infinitely long co- 
axial cylinders. Let a uniform electrical charge be distributed on one of these 
cylinders. Obviously, the potentials in all planes which are parallel to the 
normal cross sections of the cylinders are equal. The problem can therefore 
be treated as a plane problem and, instead of using the total charge, only 
the charge « per unit length need be given. 

If the exterior cylinder of radius 7, is grounded, whereas on the inner 
cylinder of radius 7, the charge « is given, then the field potential in the 
condenser is 





al 


and for the capacity per unit of length for the cylindrical condenser we 
obtain 


1 


ie 21n (72/71) 


The above-considered example allows us to solve a somewhat difficult 
problem, namely, to determine the capacity of a wire which lies above a con- 
ducting surface. An infinitely long wire of radius p is placed above an infinite 
plane and at a distance / from it. Let acharge with density « (charge per unit 


4-7, APPLICATIONS TO CHAPTER 4 341 


length) be distributed on this wire. This problem can also be solved as a 
two-dimensional problem. 


3. The basic problem of electrical exploration 


Several electrical methods are used in the investigation of the inhomo- 
geneities of the earth’s crust for the purpose of assaying the soil. The 
basic idea of electrical exploration using direct current consists of the fol- 
lowing: By means of grounded electrodes a current is passed through the 
earth from a battery. On the surface of the earth we measure the strength 
of the field so produced. From the results of the surface observations con- 
clusions can be drawn about the structure of the interior of the earth. The 
methods used here are based on the mathematical solution of the correspond- 
ing problem. 

The potential of the field of a direct current in a homogeneous medium 
satisfies the Laplace differential equation 


4V=0, z>0 (4-7.8) 
with the auxiliary condition 
ue =0, (4-7.9) 
0z z=0 


which asserts that the vertical component of the current density on the surface 
z=0 is equal to zero. This is the case since the half space z < 0 is non- 
conducting (air). 

We now ccnsider a point-forming electrode on the boundary of the half 
space at the point A. Obviously, the field potential satisfies 


(4-7.10) 


where R is the distance from the source, g is the specific resistance of the 
medium, and / is the current strength. 

This function differs from the Green’s function in an unbounded space on 
the basis of condition (4-7.9) by a factor of 2. 

Now if we measure, by means of a resistance bridge, the potential dif- 
ference between two points M and N which He on a straight line through 
A, we obtain 


V(M) — vin) = Lar, 


where dr is the distance between M and N. 
Under the assumption that the points Mand WN lie sufficiently close to 
each other, we can write 
ViM)— VIN) 
4r et 


av. 
or 


Io 
Dar * 





ow 








Here ¢ is the distance of the point 0 (the center point of the segment MN) 
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from the current-conducting electrode. The current strength J, as is known, 
must be considered since it can be measured during the observation. From 
this we obtain, for the resistance of the homogeneous half space, 
| 


Zi Qnr’ ove 
or 


I 





(4-7.11) 





If the medium is inhomogeneous then we call the quantity o determined by 
(4-7.11) the apparent resistance. We denote it by px; ox iS not constant. 

We shall now consider the problem of vertical electrical probing. Let 
the layers of the earth’s crust be horizontal, and let their resistance depend 
only on the depth: p = p(2). 

In this case, the apparent resistance is a function of the distance r= AO. 
The problem raised by the vertical electrical probing thus consists of deter- 
mining the function p(z), which yields the ‘‘electric layer’’ of the medium 
with respect to a known value p,(7r). 

We turn next to the problem of a two-layered medium. A homogeneous 
layer of density / and resistance , is in contact with a homogeneous medium 
of resistance p,. 


_fe for OS2z<l 
plz) a for ez. 


Obviously for distances r «/ the apparent resistance p;, is equal to po, 
since the influence of the lower medium here is very weak. For large dis- 
tances (R >» /), by contrast, p, becomes equal to p.. 

Our problem therefore leads to the determination of the solution of the 
Laplace differential equation which in the layer 0 < z <7 is equal to Vp) and 
in the half space z >7/ is equal to V,. At z=/ the potential must satisfy 
the continuity condition 


Volezt = Vi leat. (4-7.12) 
Also the normal components of the current density must be continuous: 
1 ay 1% ene 
Po 0z z=l Pi 0z z=l 








At z=0 the potential V, must satisfy the condition (4-7.9), while at the 
point A, which we chose as the origin of a cylindrical coordinate system 
(vy, 7, z), it must possess a singularity of the form (4-7.10): 





_ pol es 4-7.14 
Moron a7 ot meer 
where uv, is a bounded function. 
The potential V, must be bounded at infinity. The functions V, and V, 
satisfy Eq. (4-7.8), which, because of the cylindrical symmetry of the problem, 
assumes the form 
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By separation of variables two types of solutions for Vcan result, which are 
bounded at r= 0: 


e*™ Jo(ar). 


Here J, is the Bessel function of the zero-th order (see Appendix) and & is 
the separation parameter. We write the solution in the form 


_ pol . 1 
a a Vee 


Vilts2) = [Ae + Bye) Jlar)da 





+ [;(Ae™ + Boe™) Jularyda 


where A,, B,, A;, B, are constants. The condition (4-7.9) relates A, and By. 
We calculate the derivative 


OV, om Pol Zz 





a ae at | (— aAge™ + ABre™)Joarda . 
0 
Condition (4-7.9) then assumes the form 


I Be = AT Ore =O: 


This relation must hold for arbitrary r; therefore, 


B= Ay . 
From the boundedness of V,; as z— oo there follows 
B, = 0 . 
Therefore, 
Vie "4 e™ Janda, 
0 
and 


) 


V(r, 2) = | (ge? + Ale + e*)] Jolanda . 


0 


Here we have used the formula 


1 a Az 
Tre |, Mane sia 
(see Appendix) and p,J/2x = q. 
We have yet to determine the constants A, and A, from the conditions 
(4-7.12) and (4-7.13) at z=/, which leads to the system of algebraic equations 


Ave" + 1) — Ae a ge™! 
J aAye™ = —~tyae™ = 4 or! : 
Po Pi Po 


From this we find 
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—2Arl 


(01 = Pole 
Ay, = 
‘ Oi + po) — (p1 — poe 


—2Xrl » 


so the solution V, for the upper layer is given by 








ro) a2Al 
V.(r, 2) = 71 [e~ + a + ey] Jara . (4-7.16) 
Qn 0 1 = ke 
Here we have set 
Pig Po _ a ee 
Pi +? Po 
We shall now transform expression (4-7.16). Since |2| <1, we can write 
pen” Be 5 pr « grerln 
1 = ke! n=1 
and 
Vo(r, 2) ee: hrem e 5 | arerheni" Janna. (4-7.16') 
n=0 Jo pa 0 


Thus, by use of formula (4-7.15) we obtain 
I . ] 
nee § pt le + FP ee, 
x \n=1 Wr? +(z— 2nl)? wa + 2nl)? 
This expression for solution (4-7.16) can be written immediately when 


the problem is solved by the method of images. If z =0, then for the poten- 
tial on the earth’s surface we obtain 


(4-7.17) 





Ibo 1 = bh” 
— -7.18 
Valr, 0) = |< +23 oe |. (4-7.18) 


from which follows 


av, lo l oe kr ] 
perperee| 5 (ee ep pene ee 
ar 2x Lr’ a 2, [77 + (2nl)?P? |’ 





whereas for o,, according to formula (4-7.11), we find 


a= oll +23 one | 


ama [r* + (2nl)? 
= og 1 - 22. ita | = oof (é) (4-7.19) 


where = ~r/l and /(&) are the expressions in the square brackets. For r «J, 
Pk ~ Po- 
In order to estimate the behavior of o, for large r, use formula (4-7.19) and 
let r—- 00 (€-00). The limit value of this zth term of the sum equals ”; 
hence 
n 2k 
Hee p(1 +258 ) = p(1 +75) 
= Task Pi t+ po t+ (pr — o) 
Mlb 3 pape (eee 
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By a comparison of the experimentally determined data with the curve deter- 
mined by formula (4-7.19), we can determine p, from the values of , for small 
y and p; from the values of p, for large rv. The thickness / of the upper 
conducting layer is determined according to the selection principle. It is 
equal to that value of / for which the empirical curve as a function of p(€) 
= p(r/l) coincides best with the curve calculated by formula (4-7.19). Here 
we shall not dwell on the technicalities of the selection which can be carried 
out by means of bilogarithmic measurements."® 

In the case of multiple layers, the curves for o, can be calculated analo- 
gously. The character of the electric layers of the medium under considera- 
tion is determined by the selection of those theoretical curves that coincide 
best with the empirical curves. By increasing the number of layers, the 
technicalities of interpretation become complicated, since the number of theo- 
retical curves entering into consideration is greatly increased. 

We have proved, therefore, that for different electrical layers ,(z) # p2(z) 
the corresponding apparent resistances also are different: 


pe (7) # pe (7). 


Consequently, the problem—to determine the electric layer from the apparent 
resistances—appears from the mathematical side to have a uniquely deter- 
mined solution.’”® 

Problems analogous to those of electrical exploration considered above 
occur in different areas of physics and technology. Electrostatic problems 
of this type arise in the construction of electronic equipment, whereas heat- 
theory and hydrodynamic problems arise in different areas of technology (heat 
loss of buildings, filtration of water under a retaining dam, etc.)."‘’ The 
problem of the determination of a magnetic field in an inhomogeneous medium 
occurs, for example, in magnetic testing of materials. To determine an 
ultimate failure in a sample—for example, an air bubble below the surface— 
the metallic sample is placed between the poles of a magnet, and the magnetic 
field on the surface is measured. From the perturbations of the magnetic 
field, the presence of the defects is observed, and if possible their extent, 
the depth at which they occurred, etc., are also determined. 

For the solution of such problems several methods of analogy can be 
applied. Therefore the analogy between the potential fields of different 
physical processes is used.''® 

We consider now the potential field in an inhomogeneous medium (for 
example, a stationary temperature field, a magnetic field in an inhomogeneous 


118 See, for example, the excellent book by A.I. Zaborovskii, Electrical Explora- 
tion, 1943. 

16 A,N. Tychonoff, ‘‘On the uniqueness of solutions of problems of electrical ex- 
ploration,’’ Doklady, 69, (6): 797 (1949). 

117, N,N. Pavlovskii, Theory of Motion of Ground Waters for Hydro-technical In- 
stallations and its Fundamental Applications, 1922, Ch. XIV. 

16 A.V. Lukyanov, ‘On the electrolytic simulation of spatial problems,’’ Doklady, 75 
(5): (1950). 


346 ELLIPTIC DIFFERENTIAL EQUATIONS 


medium, an electrostatic field, the velocity field of a liquid during filtering). 
The potential functions u(x, y,z) of these fields in each homogeneous sub- 
region satisfy the Laplace differential equatian 4z=0. At the boundary 
between two regions G, and G, with different heat-conduction coefficients, 
magnetic permeabilities, etc., the condition 


I (2) 
ou? ou 


1 
on on 








holds in which k, and k, are the corresponding physical constants. 

On the boundaries of similar geometric regions the corresponding numeri- 
cal values of the potential or the normal derivatives of different physical 
fields are prescribed. We shall assume that the physical inhomogeneities of 
this region are not different geometrically and are distributed similarly. The 
ratios of the physical constants (heat conductivity, magnetic permeability, 
etc.) of an arbitrary pair of corresponding inhomogeneities are also equal. 
Then the values of the potential of this field at the corresponding points 
coincide numerically, since the potential solutions are one and the same 
mathematical problem and this problem permits only a single solution. 

The direct measurement of a temperature, in magnetic or other fields, 
is significantly more difficult than the measurement of a current field in 
an electrolytic tank. We replace it thereforé’in a suitable manner by meas- 
urements in such a tank. We can also choose the units in a suitable way. 


4. The determination of vector fields 


In addition to scalar problems, the problem often arises in electrodynamics 
and hydrodynamics of determining a vector field from the given rotation and 
divergence of these fields. 

We shall prove that a vector field A interior to a region G, whose bound- 
ary S is bounded, is uniquely defined when the rotation and the divergence 
of A are known in G, that is, 


rot A=B (4-7.20) 
divA =C (4-7.21) 

and on the boundary S the normal component of A is prescribed: 
A,ls= f(M). (4-7.22) 


The functions B,C, and f are not arbitrarily prescribed. Often the re- 
lations 


div B=0 (4-7.23) 
(| f(M)dS = \\\ Ge (4-7.24) 
S A G 


must be satisfied. Now we assume f to be continuous on the surface S and 
the functions B and C, including their derivatives, to be continuous in G; 
further, let the surface S be so constituted that the second interior boundary- 
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value problem with continuous boundary values is solvable for it. We shall 
solve our problem in three steps. First, we shall seek a vector A, which 
satisfies the conditions 


rot A, =0 (4-7.25) 
divA,=C. (4-7.26) 
From (4-7.25) there follows 
A, = gradg. (4-7.27) 
If we assume ¢ in the form 
apy=- Li) LD, 4725 
then we satisfy (4-7.26). Now we define a vector A, such that 
rot A,=B (4-7.29) 
divA,=0. (4-7.30) 
If we set 
2=rotd, (4-7.31) 


then the condition (4-7.30) is satisfied. 
If we substitute (4-7.31) into (4-7.29), we obtain 
graddivg — 4p=B. (4-7.32) 
Now we require 
divg=0. (4-7.33) 
Then Eq. (4-7.32) for p assumes the form 
4p =— B. (4-7.34) 


We consider a region G, which entirely contains G and is bounded by 
a surface S,;. We continue B into the region G, —G, where the following 
conditions are to be fulfilled: 
(a) The normal component B, of B on S is continuous (B itself in general 
is discontinuous), B,; = Bn,. 


(6) B,=9 on S;. (4-7.35) 
(c) InG,—G, divB=0. (4-7.23') 


We show how this continuation of B into G,—G can be realized and 
therefore set 


B= grad y in G,-G. 
The condition div B= 0 yields 
4y =0 in Gi-G. (4-7.36) 
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The boundary condition, according to (a) and (6), has the form 





% of, on Ss (4-7.36') 
On 
On =0 on Si (4-7.36"’) 
On 


where #,; is the limit value of 4, from the interior side of S. For the func- 
Lion y, we obtain the second boundary-value problem (4-7.36)—(4-7.36”). 

The necessary and suffictent condition for the solvability of this problem 
is that 


\\ sO pez \\ B,dS = 0 
SUS, On # 


be satisfied, because the relation 


\\ pags \\\ div Badr = 0 
S a 


is satisfied. 
If we set 
= A 
QP) = e\\\ BO) 5, (4-7.34) 
Ax a, lrg 
with 2? 1x, y,z), QO —Q (6, n, ¢), then (4-7.34) ts obviously satisfied; the con- 
dition (4-7.33) also is satisfied. 
Therefore, we calculate the derivatives 
A, By a 
ax’ dy ’ dz 
If we represent the integral over G, as the sum of integrals over G and 
G,—G and bear in mind the relation 


Efi [-e Ge eee 


then by partial integration 


a B 6B, 1 COS @ 
—- = = ——* — dt d 
Ox \\\, r si \\I, 0 Fr ss \\, ae ae r > 


~\\\ B, -={{{ an, ae +\\ (1) 5-“as —\\ BES a5 
ax aq,ar a,a oe or s r S r 


1 








follows, where cos a = cos (2, x)|s, COS a, = cos (2, x) |s,, and x is the direction 
of the exterior normal to the surface. 
For 0¢,/dx we find 


ite A ((| BBs Niggy LA ( Mu = Buleoeagg Lf p,c08e4s, 
“ r An 4 - r 


Ox An ; 0g r T 


Analogous expressions result for é¢,/dy and @¢,/éz. Hence, on the basis of 
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(4-7.23) and the continuity of the normal components of Bon S (Br, = B,,), 
it follows that 


div$ =7-\|| we az \\ Bas+ || (Bro = Bod) ag = 0. 
An a, r An 5, rT dn Ss Yr 








The vector A, defined by (4-7.31) satisfies (4-7.29) when the vector ¢ satis- 
fles conditions (4-7.33) and (4-7.34). 

Therefore, the sought vector A satisfies the boundary condition (4-7.22). 
Now a vector A; is to be determined which satisfies the following conditions: 


rot A; =0 ee (4-7.37) 
Hoaao: Teeeeks (4-7.38) 
Aals = f(M) — Ainls — Analy = f*(M) on S. (4-7.39) 


It is clear that the function f*(M) is uniquely defined. From (4-7.37) 
there follows 


A; = grad0. 
If we substitute A; into (4-7.38), in the interior of G we obtain 
40=0, (4-7.40) 
which yields 
aes = f*(M), (4.7.41) 
on IS 


i.e., for the determination of @ we have to solve the second boundary-value 
problem. A 1s therefore uniquely determined. 
The problem therefore possesses exactly one solution, 


A= A,+ A, + A;. 


5. Conformal mapping in electrostatics 


1. For the solution of two-dimensional electrostatic problems the theory 
of functions is often used. We shall consider the following problem as an 
example: 

Determine the electric field of several charged conductors whose potentials 
are equal to z,, 22, °° 

This problem, as is known, leads to the equation 


du -0 (4-7.42) 
with the boundary conditions 
ut Is; =U, (4-7.43) 


where S; designates the surface of the ith conductor. If the field can be 
regarded as a planar field which does not change along the z axis, then Eq. 
(4-7.42) and the boundary conditions assume the form 

au au 


—_—_ = 4-7.44 
axe t ay’ : ( 
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a le; = Ui (4-7.45) 


where C; is the contour of the bounded region S;. 
We write the potential # as the imaginary part of an analytic function 


F(z) = v(x, y) + tux, y) , z=x+t1y. (4-7.46) 
Therefore the Cauchy-Riemann differential equations must follow: 
Vz = Uy, Vy =— Us (4-7.47) 
and 
Vy + Wu, = 0. (4-7.48) 


From the boundary condition (4-7.45) it follows that the imaginary part of 
f(z) on the contour C; is constant. 
From the conditions (4-7.47) we know that 


v(x, y) = const. (4-7.49) 


9 


represents the equation of the lines of force,''® and the lines of equipotential 


can be described by the equation 
u(x, y) = const. (4-7.50) 


because of (4-7.48). 

To solve the problem under consideration it is sufficient, therefore, to 
find the conformal mapping of the z plane (z= x+7y) on the zw plane (w = 
w+ tv) for which the boundaries of the conductor are mapped into the straight 
lines 


u = const. 
or 
Im w = const. 


If such a mapping function w= f(z) is known, then the sought potential 
is determined from 


u= u(x, y) = Im f(z). 


The knowledge of these potentials permits the calculation of the electrical 
field strength 


Ey, =- — (4-7.51) 
and the calculation of the density of the surface charges along the z axis: 
2 2 
= ivEre-1 f+. 
An 4n Ox oy 


119 The equation of the lines of force results from dx/u, = dy/uy. If one replaces u, 
and uy according to (4-7.47) by —v, and v,, respectively, then we obtain v,dz + v,dy = 
dv=0, or v(x, y) = const. 
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Also, on the basis of the Cauchy-Riemann differential equations we obtain 
c= Isa. (4-7.52) 
ia 


2. We shall now determine the field of a 
one-sided bounded plate condenser, using as an 
example a condenser which is formed from two 
infinitely thin metal plates y=—d/2 and y=d/2. 
The plates lie in the regions x <0. We avoid 
the construction of the conformal mapping func- 
tion which maps the region represented in Figure 





71 onto the region |Imw| 7x, and, instead, apply FIG. 71. 
this mapping directly for the solution of the 
problem.'” 
The mapping defined by 
a= Low ae") 5 w=o+ id (4-7.53) 
carries the lines z =+ d/2, x < 0, which cuts the Me 
z plane (z =x-+ iy) into the region |¢| Sz of the 7m 
w plane (w = g + i¢) (Figure 72). For the complex 
potential we choose the function . 
to iy, (4-7.54) 
2n = 
where wz is the potential difference between the FIG. 72. 


condenser plates. The potential of the electric 
field is then represented by the function 


u(x, y) = a (4-7.55) 


Here ¢ is connected with x and y by the relations 


x= ca + e® cos ¢) 
2n 
q (4-7.56) 
_ _@ Cat 
Ye (g + e* sing). 


Figure 73 shows the equipotential and the lines of force of a one-sided 
bounded plate condenser. We now investigate the field in the neighborhood 
of the boundary of the condenser. 

We see from formula (4-7.56) that as g— — 00 

retig, yay, (4-7.57) 


Qn ‘4 


120 See Ph. Frank and R.v. Mises, Ch. XV, §5, op. cit. fn. 113. 
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i.e., inside the condenser at large distances from the boundary the field is 
planar; but as p— oo 


p=Vet y? ae’, 0? =arc tei ~¢, (4-7.58) 
T 2 


i.e., outside the condenser, at large distances from the boundary, the equi- 
potential lines are circles. 

If instead of w the complex potential / = (%#)/2z)w is introduced so that 
w = (2z/ito) f, then the relationship between z and f(z) is given by 


2 = a(t + a ae : 
ito Qn 


From this it follows that 
dz “(1 Ee gir) : 


df Uo 
on the other hand, for f = (2/2z)(g + x1) we obtain 
dz d 1 Uo 
OSS ae cs be eee. Sey 
oa Ee ae 


If we assume uw =1, then for the density, of the charge a, according to 
formula (4-7.52), we obtain the value 


ee a 1 
Oe dn Ad |1— | eee) 


From this we see that as g—>— o 





and as g—co 


x —— 
A4xde? ’ 


i.e., in this case, the density of the charge 
on the outside of the plate decreases as 
l/p. 
FIG. 73. Formula (4-7.59) shows that for ¢ =0 
(on the boundary of the condenser) ¢ = o. 
The boundary of a plane plate possesses an infinite curvature; therefore, in 
order to charge the plate to a definite potential, an infinitely large amount of 
charge must be placed on it. 

A wide range of problems can be solved with the help of conformal 
mapping. With this method, for example, the question regarding the in- 
fluence of the boundary of thick-walled plates of a plane condenser can be 
answered successfully, as well as a series of questions which are related to 
the influence of deformation in condensers. The method of conformal mapping 
can also be used for the treatment of dynamic problems. Its disadvantage 
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is that it can only be used in plane problems which lead to the two-dimen- 
sional Laplace differential equation 4,2 = 0. 


6. Conformal mapping in hydrodynamics 


1. For the solution of problems of the motion of a solid body in a liquid, 
the boundary conditions on the surface of the body play an important role. 

In the case of an ideal fluid, the boundary condition is that the normal 
component of the fluid velocity 


VAX, ¥, 2) = vi(x, ¥, 2) COS (2, x) + v,(x, y, 2) COS (72, y) + vx, y, Z) COS (2, 2) 


for all points on the surface of the body must be equal to the normal com- 
ponent of the velocity of motion of the body. If the body does not move, 
then the boundary condition on the surface of the body assumes the simplest 
form 


vz, =O. 


If the motion under consideration possesses a potential, i.e., a function y 
exists such that 





v = grady, 
then the boundary conditions read 
an ‘ . 
err as 0 in case the body does not move; 
ely 
a = ttn in case the body moves with the velocity u. 
Ss 





From hydrodynamics it is known that the velocity potential for an in- 
compressible fluid satisfies the equation 


4p =0. 


Therefore the determination of the potential for the streaming about a solid 
body in an incompressible ideal fluid is reduced to the solution of the Laplace 
differential equation 


4g =0, 
where on the boundary of the streaming body the boundary condition 


ee = Un 


On |s 


must hold, i.e., the second boundary-value problem for the Laplace differential 
equation must be solved. 

If the motion is planar, then the solution of the problem can be obtained 
by using function theory. 

For planar motion of an incompressible fluid the continuity equation is: 


Oi a (4-7.60) 
ax ty , 
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We describe the equation of the stream lines 


ax _ dy 
Uy Dy 
in the form 
v,dy — vydx = 0 (4-7.61) 
an introduce a new function @ by the relations 
ee aoe 


From Eq. (4-7.60) it then follows that the left side of expression (4-7.61) is 
the total differential of the function ¢: 


v,dy — v,dx = dg. 
The one-parameter family of curves 
Wx, y)=C 


therefore represents the stream lines of the incompressible fluid motion. 
If a velocity potential exists, then the equation rot v =0 is equivalent to 


4¢=0. 
From the relations for v, and v, it then follows that 
op _ op 00 2. Oy 
ax Oy ’ dys x” 


i.e., the functions ¢ and ¢ satisfy the Cauchy-Riemann differential equations. 
Consequently, the complex function 


w(z) = g(x, y) + id(x, y) 


is an analytic function. 

Therefore, every irrotational (rotv =0) planar motion of a fluid has a 
corresponding definite complex analytic function, and conversely every analytic 
function corresponds to a definite form of fluid motion, i.e., two motions 
correspond to an analytic function, since the roles of the functions g and ¢ 
can be interchanged. 

2. In conclusion, we shall treat a concrete example of the application of 
the theory of functions to the solution of problems for the streaming of a 
body—here, a circular cylinder—in a planar fluid. 

On a circular cylinder at rest of radius y=a, let a planar fluid stream 
impinge which at infinity has the constant velocity «. In the case of a 
Static fluid, we would consider the motion of the cylinder moving with the 
constant velocity # with respect to the stationary fluid. 

As a reference system, we choose a rectangular coordinate system (x, y, 2) 
attached to the cylinder in which the x axis is chosen parallel to the direc- 
tion of the velocity of the cylinder. 

On the surface of this moving body, the boundary condition 
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must be satisfied, where ds is the element of arc on the boundary of the 
body. 

In the case of a motion propagating with the velocity u this condition 
can be integrated over the surface of the body. We then obtain on the 
surface of the body 


g=uytC. 
Therefore, our problem amounts to the solution of the equation 
Ap =0 
with the following boundary conditions: 
on the surface of the cylinder g=uy+C 
ag 


at infinity —=— and ae: approach zero. 
Ox oy 


The last condition means that 


dw ap , . ag 
a= 4 jf =, - 
ia oe oe 


exterior to the circle C is a single-valued analytic function, which vanishes 
at infinity. The function « can therefore be represented in the form 


w=CInz—-S-S iy. 


Now we set 
Cy = Ag+ 1B, 
and determine the constants A, and /, from the boundary condition 
g=uasinod+C, 


which are transformed to polar coordinates by z= ae’. 
For the constants then we obtain 


Ag=C, Ave ua |, B= 0; A,= B,=0, B,=-——., 


From this there results 


ww eae 
2nt z 
? 2 
ph Spee 
r : a 
=——Inr+usnd—., 
$ Qn a r 


The first term in the expression for w denotes the circulation around the 
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cylinder with the intensity 7. Where there is no circulation, we obtain 
2 
a 
w=—-uUu—, 
Zz 
For the flow about a static cylinder, which at infinity has the velocity zw, the 
complex potential has the form 
2 t 
C I 
w= uz + iia + —Inz. 
z 2n1t 
3. With the results for a streaming about a circular cylinder we can 
solve the problem of the streaming about an arbitrary contour by using the 
method of conformal mapping. We consider its application to the problem 
of the flow about a rectangular plate. 
On the x axis let us place an tnfinitely long plate of width 2a (Figure 74). 





FIG. 74. 


On the plate a constant planar flow occurs which at infinity has a velocity 
c with components z and v. By means of the analytic function 


a 1 
z= — +— = 
“ (< -) so) 
we obtain a reversible single-valued mapping of the region exterior to the 
plate in the z plane onto the region exterior to the unit circle in the ¢ plane. 
Here the point z= co corresponds to the point € = o, and 


Ee eG for eae 


ae 2 
We shall now investigate the nature of the mapping of the condition at in- 


finity. For the complex potential 


10(z) =~ - 1% 


dw : 2 
— =u—-—W=UVe, 
dz /2 « 


i.c., the conjugate value of the complex velocity. 
We determine now the value of the complex velocity of the fictitious 
flow in the € plane: 


we have 
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= dw dw dz 
w(C) = w[f(z)] , We ae ae 
From this we obtain 
dw _ a 
— = Rin , =—, 
( ae ),- fi eB 2 


The fictitious flow therefore represents the flow about a cylinder of unit 
radius and at infinity has the complex velocity kv». For such a motion, the 
complex potential has the form 





iC pe ee tp 
G 2Qn1 
From z= f(f) there now follows: 
pao Vee wi, Gat Se ne 
a : eo . a : 


By use of this expression, we obtain, for the complex potential of a fluid 
streaining about a plate, the expression 


V — 2 
w(z) = uz—wYy2—a® + oo in(2tvene) : 
ra a 


If no circulation occurs, we have instead the following relation 


w(z) = uz — wY2z*—a’. 


From these relations it is seen that the velocity at the ends of the plate 
becomes infinitely large. Under real conditions, of course, this is not the case. 
Our conclusions can be explained on the basis that we have assumed an ideal 
fluid. With the use of the Bernoulli equation an expression can be found 
for the forces which the fluid exerts on the streaming body. 

The investigation of those forces with which air acts on a wing of an 
airplane constitutes the subject of aerodynamics. ‘Toward the development 
of this theory Russian scholars have made outstanding contributions, fore- 
most of which were Joukowski and S.A. Tschaplygin. A paradox arises in 
the simplest case of a circulation-free flow about a cylinder by a planar fluid 
in that the flow exerts no force on a cylinder. If, for the propagating flow, 
a circulation of the velocity about the cylinder exists, then a force appears 
which acts on the cylinder perpendicular to the fluid velocity at infinity. 

The theory of functions can be applied only to planar motions. In the 
three-dimensional case we must turn to other methods in order to treat the 
problem of streaming about a solid body by a fluid. The solution of this 
problem in complete generality is very difficult. Let us consider, for example, 
the motion of a sphere in a Static fluid. Let velocity of the sphere be con- 
stant. The problem then consists of solving the equation 


4g =0 


with the boundary conditions 
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at infinity. The solution has the form 
y= Au grad i 
r 


By using the boundary condition, we obtain 





as a solution of the problem. 

An ideal fluid was assumed in all the cases considered. For viscous fluids 
the boundary conditions take another form, and on the surface of the body 
the so-called adhering condition must be satisfied. This condition states that 
directly on the surface of the body the velocity of the fluid must coincide in 
both magnitude and direction with the velocity of the corresponding boundary 
points of the body. : 

The problem of flow about a body by a viscous fluid leads to great mathe- 
matical difficulties. In the development of this part of hydrodynamics, bound- 
ary-layer theory plays a significant role. 


7. Biharmonic equation 


In Section 2-6§1 we found 





a 4 

Aa eae (4-7.62) 
Ox 

as the equation of a transverse vibrating rod. The vibrations of an unloaded 
thin plate whose boundaries are fixed can be described by the analogous 
equation” 








au atu ou atu aru 
SE + a(t + ay" at ed) =) or aE +a’ddu = 0. (4-7.63) 


Here the boundary conditions 
u=0 and S =0 (4-7.64) 
must be satisfied. 


Moreover, the function « must satisfy the initial conditions 


u(x, y, 0) = v(x, y), La ee y, 0) = P(x, y). (4-7.65) 


ot 


121 V.I. Smirnov, Part II, op. cit. fn. 15. 
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If external forces act on the plate which are distributed with the density 
f(x,y), then the deformation of a plate whose boundaries are fixed can be 
described by the equation 


44u=f, (4-7.66) 
with the boundary conditions 
u=O0 and OU 0. (4-7.64) 
on 
The equation 
Ade =0 (4-7.66') 


is called the biharmonic equation and its solutions biharmonic functions. These 
functions must possess continuous derivatives up to and including the fourth 
order. 

The fundamental boundary-value problem for the biharmonic equation 
reads: 

Determine a function a(x, y), which including its first derivatives in the 
closed region S$+C is continuous, in S possesses continuous derivatives up 
to the fourth order, in S satisfies Eq. (4-7.66) or (4-7.66’), and on the boundary 
C satisfies the boundary conditions 


ule = g(s), aN K(s) , (4-7.67) 
On |o 
where g(s) and hA(s) are continuous functions of the arc length s on C. 
For the solution of the above-formulated initial value problem (4-7.63)— 
(4-7.65) by means of separation of variables, we usually set 


u(x, y, f) = v(x, y)T(L). (4-7.68) 


If we introduce this expression into (4-7.63) and separate the variables, then 
for the determination of the eigenvalues we arrive at the equation 


ddv — 40 =0 (4-7.69) 
with the boundary conditions 
$20, 2220 oh CG: (4-7.70) 
On 


1. Uniqueness of the Solution. We shall prove that the biharmonic equation 


d4u=0 
with the boundary conditions 
w\c = g(s), ou | = h(s) (4-7.64') 
on fal 


has at most one solution. 
Let us assume that two distinct solutions #,; and wm, exist. We consider 
their difference 
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v= lly — lla, 


which obviously also satisfies the biharmonic Eq. (4-7.66) and the homogeneous 
boundary conditions 


vile =90 ae 
Qo 





By application of Green’s formula 


on On 


(pe — vdp)dS =| (v2 = ose Jas 
G Ce 
to the functions g =v and ¢ = 4, we obtain 
| (dv)'dS = 0 
@ 


and hence 
4v=0. 
Now, however, vlc = 0. Consequently, 
v=0 and uy = ue, 


i.e., the biharmonic functions are uniquely determined by the boundary con- 
ditions (4-7.64). 

2. Representation of a Biharmonic Function by Harmonic Functions. We first 
prove the theorem: 

Theorem. If u,; and “, are two harmonic functions in a region G, then w= 
xu, + um, is a biharmonic function in G. 


For the proof we use the identity 











Aly) = pdb + ody + 2( Gee OP, 4200 se) (4.7.71) 


With 
g=x, p= tt 
it follows that 
Hy SOE: (4-7.72) 
ox 


By repeated application of the d-operators and by consideration of Jdu, = 0, 
we obtain 


AAN(xu, + %2) = 0. 


If the region G is so chosen that each straight line parallel to the x axis 
cuts the boundary of G at two points at most, then the converse of the 
above-proven theorem also is valid. 

For every biharmonic function « in the region G, two harmonic functions 
mw, and w, can be found such that 


4-7, APPLICATIONS TO CHAPTER 4 341 


uU= XU, + 2. 


For the proof of this statement it is sufficient obviously to consider a 
function u, which satisfies the two conditions 


du, = 9 (4-7.73) 
and 
Au — xu,)=9. (4-7.74) 
From condition (4-7.74) and formula (4-7.72) we find 


du = A(xu,) = 2 (4-7.73) 





Eq. (4-7.75) is satisfied by the function 


Since 
— 4K, = 4 fe HiRa 
x 2 
4, depends only on y: 
Mit, = v(y). 
We now define a function u(y) so that 
2 
4uy = a =—v(y) 
ay 


holds, and set 
uy = uy + uy A 


This function then obviously satisfies the conditions (4-7.73) and (4-7.74), which 
was to be proved. 

We shall now give another representation of a biharmonic function. Thus 
we assume that the origin of coordinates lies inside of the region G and each 
line from the origin touches the boundary of G at only one point. Under 
these assumptions the following is valid: Every biharmonic function uw in G 
can be represented by two harmonic functions u, and uw, in the form 


u=(r? — ri)ur + ue. (4-7.76) 


Here r? = x° + y’, and r, is a given constant. 
The proof here proceeds analogously to the preceding one by means of 
the identity (4-7.71) and the relations 


guy, Ou, ox , Gu, ay 

ar ax ar ay or 
3. Solution of the Biharmonic Equation for the Circle. Givenacircle of radius 
r, about the origin of coordinates, we seek a biharmonic function which 
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satisfies the boundary conditions (4-7.67) for r= 7). AS was shown above, 
the sought function can be written in the form 


u=(r> — rou, + me, (4-7.76) 


where w, and w, are harmonic functions. From the boundary conditions we 
find 


tte |r=r, = G- (4-7.77) 


From this we recognize that #, is a solution of the first boundary problem 
for the Laplace differential equation. Therefore, u, can be represented by 
the Poisson integral 


on 2 2 
ene: | Son EAE (4-7.78) 


De or +73 — 2rrocos(a — 0) 


From the second boundary condition we obtain 





Pri eo) | he (4-7.79) 
OF \r=rq 
By differentiation we find that the function 
2rotts + oe ate (4-7.80) 
Yo Or 


also satisfies the Laplace differential equation and therefore can be expressed 
by the Poisson integral 


r Ouse 1 [- (76 — r’)hda 


=>—_-_ 4-781 
or + ro — 2rrocos(a — 4) ( ) 


If we differentiate (4-7.78) with respect to ry and substitute the value obtained 
for du2/d6r in (4.7.81), then we obtain w,. Finally, if we substitute in (4-7.76) 
the expression found for u, and w,, then we obtain the sought function: 
l 2 0 S| sao eae 

or tre — 2rr.cos (a — 8) 


4 [pte tela = ide] 
o (+ 76 — 2rr,.cos(a — 6))? | 
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TABLES OF ERROR INTEGRALS AND SOME CYLINDRICAL FUNCTIONS 


In the following pages we list tables of some special functions used for 
the solution of boundary-value problems of mathematical physics. These tables 
consist of a compilation of the simple properties of the functions considered. 


The error integral 


The error integral is defined by 
a 
O(z) = —=\ eda. 
(2) Va \\e : 


For small values of z, it has the series development 


An asymptotic representation for large values of 2 


If we introduce a new variable f in the integral 
j= we \e da 
by means of a = z+ (f/2z), then we obtain 

1 oe 


1 — @&2z) = Tas |" ee-eteh dp ; 
Q 


1 — &z 





Consequently 





If we develop e-?’/*? in the series 


n 2n 
—ptyjaek _ > (— 1)” 8 
a: 2 Gy nl? 








multiply this series with e* and integrate from zero to infinity, then we 
obtain the divergent series 


(= 1)" (2x)! f= Dita Mor 2)ee eit 


_ = 
ae (2z)** 
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This divergent series represents the asymptotic development of the function 








1 — M2): 
1 3-4 4-5-6 +) 


1 e@? 
1 — @(z) = —= ]— ~~ Ss 
(2) nt 2 ( 22" a (2z)* (2z)° 





CYLINDRICAL FUNCTIONS 


Series Asymptotic representation 


1. Bessel functions 


= (x/2)?  (x/2)* em ee T 
= hae ne Jax) = / 2 cos(x- 2) ++ 
Ji(x) = a [1- ier Iilx) = / Zsin(x = +) ahr 

ae] 
1-2-2-3 
; )=/2 TES EN eos 
JAx) = 2 cos (x xv a) 4 


ce (4) aoe 


2. Neumann functions 


In +C) Ni(2) =f Zsin(x - 4) +--- 
UX 4 


Nila) = = Jibs) (19.3 


2/x\ 
+=(4)+ 


N,(x) ee eee 
WX 
2 x 
+ — SJilx) (in =+ c) + 
1 2 
1/2\" nt 
x) = —-—(—)(n—1)! 2 ec Pay ae 
N,(x) (=) @ jhe (x / sin( eae 
(2 > 1) 
(C = 0.577215... is the Euler constant.) 


3. Hankel functions 
Hy" (x) = Ju(x) + iNy(x) 


AY? (x = lx — iN,( 


Hye) = V 2 gi(x-S-5) 4... 
TX 

x) HO (x) = yf Zete-ar-F) ++ 
aX 
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4. Functions with imaginary arguments 











I(x) = Jolix) foe Jue Scat 
ee eC eae) ee = 
Fe oer an _ 
I(x) = — tJ,(ix) I(x) = Voce Riess 
Ee IED oy Ao 
mee [1+ io Eo” | = 
Lx) = (—i)’ fix) Lo) = a eee 
aN. i, 
=() ment 
Ko(x) = = if” (ix) Ki) pe aes 
2 2x 
= x Ne 
= —(I05 +0) ea) +(¥) ip 
Rigas EH Gp Se aes: K(x) = a ee 
2 x 2x 
Kyla) = 2 xe! HO (ix) Kix) = [Bett 
2 2x 


GS lty e\* 
2 Ge 


5. Functions of one-half order 
ey Ce ae x FO . 
Jip(x) = V =e J-ip(x) = / Zcos x , 


Jax) = V 2 (4- cos x) : J-splx) = /=(- ae — sin) : 


6. Recursion formulas 


ia. x = x” de JAX) as Jvii(x) 
dx [x JTix)] =X JIv-(X) and ae | Pa |= aes : 


Jolt) + Jie) = Jax), 
Jo(x) = — u(x) , | Jus) dx =1— fix), 
Solel = xia), | x hleddx = xfs). 
Analogous formulas are also valid for other cylindrical functions with 


real arguments. 
For functions with an imaginary argument we have: 
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7. The Wronski determinant for the cylindrical function 
Tox) Nila) — Nixie) = = ; 
MX 
In particular, 


fON@S Maines: 
TX 


8. Integral formulas 


i) 


~ On 


Int) | e7it sln g+ ing do 





—n 


= (— 1) | ei cos ering dy = ie t) | ei 608 8 COS npdy ) 
2n ™ 0 


K,(x) _ mae e-* cosh f—in€ Je ; 
In particular, 


K(x) — c= § dé 7 


Uy 


9. Integrals which contain Bessel functions 





oo = 1 
\"e eat ea 5 (z>0), 
a 1 ¥ 
—tr2avt1 JQ — — £) —p2/at 
\- Itaplen d a(S) e . 


oo e@ \ Ark 121 oats e 
a ———————— SS eS OS 
\ Jado) VER Veprt+e r 


ik V52q98 ikr 





10. Differential equations which lead to Bessel’s differential 





equation 
tt 1 ’ v° i 
y +2y'- (1445) 9=0; y = A(x) + BKAx) ; 
ty} + xy = 0 % => Vx 2 ear} i 
y y=, YH VALS Vx); 
a . it 2 
ye + x y = 0 ’ y = Velie Gav a) 


Here Z denotes a solution of the Bessel differential equation. 
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TABLE 1. The Error Integral 


Zz 


(2) = w\ eda 0K<2<28 


0 


Zz (bz) z Oz) z P(z) Zz P(z) 
0.00 0.0000 0.40 0.4284 0.80 0.7421 1.20 0.9103 
0.01 0.0113 0.41 0.4380 0.81 0.7480 1.21 0.9130 
0.02 0.0226 0.42 0.4475 0.82 0.7538 1.22 0.9155 
0.03 0.0338 0.43 0.4569 0.83 0.7595 1.23 0.9181 
0.04 0.0451 0.44 0.4662 0.84 0.7651 1.24 0.9205 
0.05 0.0564 0.45 0.4755 0.85 0.7707 1.25 0.9229 
0.06 0.0676 0.46 0.4847 0.86 0.7761 1.26 0.9252 
0.07 0.0789 0.47 0.4937 0.87 0.7814 1.27 0.9275 
0.08 0.0901 0.48 0.5027 0.88 0.7867 1.28 0.9297 
0.09 0.1013 0.49 0.5117 0.89 0.7918 1.29 0.9319 
0.10 0.1125 0.50 0.5205 0.90 0.7969 1.30 0.9340 
0.11 0.1236 0.51 0.5292 0.91 0.8019 1.31 0.9361 
0.12 0.1348 0.52 0.5379 0.92 0.8068 1.32 0.9381 
0.13 0.1459 0.53 0.5465 0.93 0.8116 1.33 0.9400 
0.14 0.1569 0.54 0.5549 0.94 0.8163 1.34 0.9419 
0.15 0.1680 0.55 0.5633 0.95 0.8209 1.35 0.9438 
0.16 0.1790 0.56 0.5716 0.96 0.8254 1.36 0.9456 
0.17 0.1900 0.57 0.5798 0.97 0.8299 1.37 0.9473 
0.18 0.2009 0.58 0.5879 0.98 0.8342 1.38 0.9490 
0.19 0.2118 0.59 0.5959 0.99 0.8385 1.39 0.9507 
0.20 0.2227 0.60 0.6039 1.00 0.8427 1.40 0.9523 
0.21 0.2335 0.61 0.6117 1.01 0.8468 1.41 0.9539 
0.22 0.2443 0.62 0.6194 1.02 0.8508 1.42 0.9554 
0.23 0.2550 0.63 0.6270 1.03 0.8548 1.43 0.9569 
0.24 0.2657 0.64 0.6346 1.04 0.8586 1.44 0.9583 
0.25 0.2763 0.65 0.6420 1.05 0.8624 1.45 0.9597 
0.26 0.2869 0.66 0.6494 1.06 0.8661 1.46 0.9611 
0.27 0.2974 0.67 0.6566 1.07 0.8698 1.47 0.9624 
0.28 0.3079 0.68 0.6633 1.08 0.8733 1.48 0.9637 
0.29 0.3183 0.69 0.6708 1.09 0.8768 1.49 0.9649 
0.30 0.3286 0.70 0.6778 1.10 0.8802 1.50 0.9661 
0.31 0.3389 0.71 0.6847 1.11 0.8835 1.51 0.9671 
0.32 0.3491 0.72 0.6914 1.12 0.8868 1.6 0.9763 
0.33 0.3593 0.73 0.6981 1.13 0.8900 1.7 0.9838 
0.34 0.3694 0.74 0.7047 1.14 0.8931 1.8 0.9891 
0.35 0.3794 0.75 0.7112 1.15 0.8961 1.9 0.9928 
0.36 0.3893 0.76 0.7175 1.16 0.8991 2.0 0.9953 
0.37 0.3992 0.77 0.7238 1.17 0.9020 2.1 0.9970 
0.38 0.4090 0.78 0.7300 1.18 0.9048 2.2 0.9981 
0.39 0.4187 0.79 0.7361 1.19 0.9076 2.3 0.9989 

2.4 0.9993 
2.5 0.9996 
2.6 0.9998 
2.7 0.9999 
2.8 0.9999 
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TABLE 2. 
Jo(x) Ji(x) 
+1.000 | +0.000 
+0.997 +0.050 
+0.990 +0.099 
+0.977 +0.148 
+0.960 +0.196 
+0.938 +0.242 
+0.912 | +0.288 
+0.881 +0.329 
+0.846 +0.369 
+0.808 | +0.406 
+0.765 +0.440 
+0.720 +0.471 
+0.671 +0.498 
+0.620 +0.522 
+0.567 +0.542 
+0.512 |] +0.558 
+0.455 +0.570 
+0.398 | +0.578 
+0.340] +0.582 
+0.282 |} +0.581 
+0.224 +0.577 
+0.167 +0.568 
+0.110 | 40.556 
+0.056 +0.540 
+0.002} +0.520 
— 0.048 +0.497 
—0.097 +0.471 
—0.142] +0.442 
—0.185 +0.410 
—0.224 +0.375 
— 0.260 +0.339 
—0.292} +0.301 
—0.320 +0.261 
—0.344 +0.221 
—0.364 +0.179 
—0.380 | +0.137 
—0.392 | +0.095 
—0.399 +0.054 
—0.403 +0.013 
—0.402 —0.027 


ae 
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Jo(x) 


—0.397 
—0.389 
—0.377 
—0.361 
—0.342 


—0.321 
—0.296 
—0.269 
—0.240 
—0.210 


—0.178 
—0.144 





Ji(x) x 
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Values of Bessel Functions of the Zero and 
First Order from x =0 to x = 12.00 
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FIG. 75. Graphical Representation of the Bessel Functions or 
Cylindrical Functions of the First Type Jo(x) and Ji(x). 


























FIG. 76. Graphical Representation of the Neumann Functions or 
Cylindrical Functions of the second type No(x) and Ni(x). 








TABLE 3 
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Roots of the Equation J,(,) = 0 and the corresponding values of | Ji(z,)| 


3 


OWN 


Ln 


2.4048 
5.5201 
8.6537 
11.7915 
14.9309 


Ji(tn) 


0.5191 
0.3403 
0.2715 
0.2325 
0.2065 


3 


COCOnNnD 





18.0711 
21.2116 
24.3525 
27 .4935 
30.6346 


Ji(fen) 


0.1877 
0.1733 
0.1617 
0.1522 
0.1442 
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TABLE 4. Values of the Functions K,(x) and K,(x) 





















0.1 3.1 : 0.0356 
0.2 3.2 : 0.0316 
0.3 3.3 . 0.0281 
0.4 3.4 0. 0.0250 
0.5 3.5 0. 0.0222 
0.6 1.3028 3.6 0. 0.0198 
0.7 1.0503 3.7 0. 0.0176 
0.8 0.8618 3.8 0. 0.0157 
0.9 0.7165 3.9 0. 0.0140 
1.0 0.6019 4.0 0. 0.0125 
1.1 0.5098 4.1 0.0098 0.0111 
1.2 0.4346 4.2 0.0089 0.0099 
1.3 0.3725 4.3 0.0080 0.0089 
1.4 0.3208 4.4 0.0071 0.0079 
1.5 0.2774 4.5 0.0064 0.0071 
1.6 0.2406 4.6 0. 0. 
1.7 0.2094 4.7 0. 0. 
1.8 0.1826 4.8 0. 0. 
1.9 0.1597 4.9 0. 0. 
2.0 0.1399 5:0 0. 0. 
2.1 0. 5.1 0. 0. 
2.2 0. 5.2 0. 0. 
2.3 0. 5.3 0. 0. 
2.4 0. 5.4 0. 0. 
2.5 0. 5.5 0. 0. 
2.6 0. 5.6 0. 0. 
2.7 0. 5.7 0. 0. 
2.8 0. 5.8 0. 0. 
2.9 0. 5.9 0. 0. 
3.0 0. 6.0 0. 0. 
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